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Trial by
ordeal and
battle

Evidence, Law of

To the end that court decisions are to be based on truth
founded on evidence, a primary duty of courts is to con-
duct proper proceedings so as to hear and consider evi-
dence. The so-called law of evidence is made up largely
of procedural regulations concerning the proof and pre-
sentation of facts, whether involving the testimony of
witnesses, the presentation of documents or physical ob-
jects, or the assertion of a foreign law. The many rules of
evidence that have evolved under different legal systems
have, in the main, been founded on experience and
shaped by varying legal requirements of what constitutes
admissible and sufficient proof. Although evidence, in
this sense, has both legal and technical characteristics,
judicial evidence has always been a human rather than a
technical problem. During different periods and at differ-
ent cultural stages, problems concerning evidence have
been resolved by widely different methods. Since the
means of acquiring evidence are clearly variable and de-
limited, they can result only in a degree of probability
and not in an ‘absolute truth in the philosophic sense.
Only Soviet doctrine, under the influence of philosophi-
cal materialism, expresses a belief that absolute, objec-
tive truth can be attained through evidence. In common-
law countries, civil cases require only preponderant prob-
ability and criminal cases, probability beyond reasonable
doubt. In civil-law countries so much probability is re-
quired that reasonable doubts are excluded.

THE EARLY LAW OF EVIDENCE

Characteristic features of the law of evidence in earlier
cultures were that no distinction was made between civil
and criminal matters or between fact and law and that
rational means of evidence were either unknown or little
used. In general, the accused had to prove his innocence.

Nonrational sources of evidence. The appeal to super-
natural powers was, of course, not evidence in the mod-
ern sense but an ordeal in which God was appealed to as
the highest judge.

The judges of the community determined what different
kinds of ordeals were to be suffered, and frequently the
ordeals involved threatening the accused with fire, a hot
iron, or drowning. It may be that a certain awe associated
with the two great elements of fire and water made them
appear pre-eminently suitable for dangerous tests by
which God himself was to pass on guilt or innocence.
Trial by battle had much the same origin. To be sure, the
powerful man relied on his strength, but it was also as-
sumed that God would be on the side of right.

Semirational sources of evidence. The accused free
person could offer to exonerate himself by oath. Under
these circumstances, in contrast to the ordeals, it was not
expected that God would rule immediately but rather that
he would punish the perjurer at a later time. Nevertheless,
there was ordinarily enough realism so that the mere
oath of the accused person alone was not allowed.
Rather, he was ordered to swear with a number of com-
purgators, or witnesses, who confirmed, so to speak, the
oath of the person swearing. They stood as guarantees
for his oath but never gave any testimony about the facts.

The significance of these first witnesses is seen in the use
of the German word Zeuge, which now means “witness”
but originally meant “drawn in.” The witnesses were, in
fact, “drawn in” to perform a legal act as instrumental
witnesses. But they gave only their opinions and conse-
quently did not testify about facts with which they were

acquainted. Nevertheless, together with community wit-
nesses, they paved the way for the more rational use of
evidence. ' i

The influence of Roman-canonical law. By the 13th
century, ordeals were no longer used, though the custom
of trial by battle lasted until the 14th and 15th centuries.
The judicial machinery destroyed by dropping these
sources of evidence could not be replaced by the oath of
purgation alone. With the decline of chivalry, the flour-
ishing of the towns, the further development of Christian
theology, and the formation of states, both social and
cultural conditions had changed. The law of evidence,
along with much of the rest of the law of Europe, was
influenced strongly by Roman-canonical law elaborated
by jurists in northern Italian universities. Roman law in-
troduced elements of common procedure that became
known throughout the continental European countries
and became something of a uniting bond between them.

Under the new influence, evidence was, first of all,
evaluated on a hierarchical basis. This accorded well with
the assumption of scholastic philosophy that all the pos-
sibilities of life could be formally ordered through a sys-
tem of a priori, abstract regulations. Since the law was
based on the concept of the inequality of persons, not all
persons were suitable as witnesses, and only the testimony
of two or more suitable witnesses could supply proof.

The formal theory of evidence that grew out of this
hierarchical evaluation left no option for the judge: in
effect, he was required to be convinced after the desig-
nated number of witnesses had testified concordantly. A
distinction was made between complete, half, and lesser
portions of evidence, evading the problem posed by such
a rigid system of evaluation. Since interrogation of wit-
nesses was secret, abuses occurred on another level.
These abuses were nourished by the notion that the con-
fession was the best kind of evidence and that reliable
confessions could be obtained by means of torture.

Despite  these obvious drawbacks and limitations,
through the ecclesiastical courts, Roman-canonical law
gained influence. It contributed much to the elimination
of nonrational evidence from the courts, even though,
given the formality of its application, it could result only
in formal truths often not corresponding to reality.

A COMPARATIVE SURVEY
OF THE PRINCIPLES OF LEGAL EVIDENCE

A comparison of the principles of evidence under differ-
ent legal traditions can best be made by examining the
rights and obligations of the plaintiff and the defendant
in civil proceedings and of the prosecutor and the ac-
cused in criminal proceedings. The position of the judge
is also crucial. Historically, two systems developed.

The inquisitorial system. The first, which may be
called the inquisitorial system, had its origins in medieval
Roman-canonical proceedings. It is distinguished by the
active part played by the judge, who by virtue of his of-
fice, himself searches for the facts, listens to witnesses
and experts, examines documents and orders the taking
of evidence. In continental European countries, and those
other countries that derive their law from them, this sys-
tem has generally been retained for criminal proceedings.
The prosecutor and the accused, of course, give their re-
cital of the facts and indicate their evidence for specific
assertions. But by virtue of his role in the case, the judge
must make further investigations if he deems them neces-
sary to obtain the truth. Under the Soviet code of civil
procedure of 1964, this system is also applied to civil pro-
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ceedings. Other Socialist countries have followed this ex-
ample. In some western European countries, there is a
definite inclipation toward employing this inquisitional
system in all legal proceedings that have, or could have,
a substantial public legal impact; e.g., matrimonial, sta-
tus, administrative, social, labour, and financial matters.

The accusatorial (adversary) system. The second sys-
tem, which employs what are usually called accusatorial
or adversary principles, is used in the common-law coun-
tries for all civil and criminal cases. In this system, the
parties and their attorneys are primarily responsible for
finding and presenting evidence. The judge does not him-
self investigate the facts. Only if the efforts of the parties
are incomplete must the judge make inguiries with regard
to questions that have remained unanswered.

In civil matters, most. continental European countries
follow a mixed system of both principles. In some of
these countries, the judge can, for example, hear wit-
nesses who have not been designated by the parties, and
in all countries he can, by virtue of his office, hear the
parties and experts and order documentary evidence or
the actual inspection of evidence. In contrast to criminal
cases, the continental European judge is always bound
by the motions and assertions of the parties—a situation
that does not, however, obtain under Soviet law.

Oral proceedings. Under both systems of presenting
and obtaining evidence, oral proceedings are generally
accepted. The written proceedings favoured during the
Middle Ages have been abolished, although the parties
prepare their lawsuits through briefs, and parts of the
preliminary proceedings can be handled in writing. The
interrogation of witnesses, however, is oral. The Roman-
based countries and Sweden, Austria, and the Soviet
Union do not permit any exceptions, while other coun-
tries, such as Germany, permit written statements by wit-
nesses in special cases and with the consent of the parties.
In the common-law countries, an exception is made to
the principle of oral proceedings for certain types of af-
fidavits, and, particularly in civil cases, the practice has
steadily gained in importance.

Direct interrogation of witnesses by the deciding court
is an aspect of the law of evidence closely connected with
oral proceedings. Generally, in continental European
countries; witnesses are interrogated by the judges who
decide the verdict, but a number of countries have an in-
vestigation procedure according to which another judge,
or only one member of the judging body, interrogates the
witnesses. Under both the inquisitorial and the accusa-
torial systems, the principle of direct interrogation is of
special importance in the free consideration of evidence.
In the common-law countries, the function performed by
the judge in this regard is handled by attorneys for the
prosecution or defense, with the judge’s role restricted al-
most entirely to overseeing the questioning.

Another principle of substantial importance is the public
trial, which was one of the aims of the French Revolu-
tion. The right to a public trial, long established under
the common law, is now accepted by all continental Eu-
ropean countries. There may be exceptions, however, if
questions of morals or public order are involved, and
public trials in the full sense need not be provided in cir-
cumstances in which the evidence, rather than being tak-
en in open court, is heard before a juge d’instruction or
examining magistrate.

One major influence that has shaped the law of evi-
dence has been the jury system. At least one writer has
said that law of evidence is the child of the jury. Oral
proceedings, direct interrogation and the public trial are
much less problematic under the Anglo-American sys-
tem than under the civil-law system to the extent that
evidence is heard before the jury. But this system has
spawned a large number of regulations for the admis-
sibility of evidence in order to guarantee due process and
fair procedure and to protect the jury from being misled.
The initiative of the parties determines the handling of
these regulations, for they must raise objections if, in
their opinion, any of the numerous exclusionary rules is
being violated. The judge then rules on the objection. By
the complex working of this arrangement, the Anglo-

American system has become more formalistic in many
respects than the continental European system.

The burden of proof. The burden of proof is a mani-
fold and somewhat ambiguous concept in the law of
evidence.

The burden of producing evidence means that in general
the party that cites specific facts for the substantiation of
its claim also has the burden of producing the evidence to
prove these facts. This burden depends on the substantive
law governing the claim. Permissible presumptions and
legal rules can shift the burden in various situations.

The burden of conviction, on the other hand, comes in-
to play at the end of the hearing of evidence, if doubts
remain. This is simpiy to recognize that the evidence is
not sufficient to convince the jury or the judge and that,
in general, the party having the burden of pleading and
producing facts favourable to itself and of giving evi-
dence also carries the so-called burden of conviction.

Whereas, in civil proceedings, it is generally the plaintiff
who has the burden of proof for facts supporting a claim,
unless this burden has been shifted to the defendant
through rules or presumptions, in criminal proceedings it
is the prosecution that bears the burden of proof for all
relevant facts. What this means is that the defendant
cannot be found guilty as long as proof has not been sup-
plied or as long as doubts still remain. In continental Eu-
ropean law, no distinction is made between civil and
criminal cases with regard to the standard of proof. In
both, such a high degree of probability is required that,
to the degree that this is possible in the ordinary experi-
ence of life itself, doubts are excluded and probability ap-
proaches certitude. In the common-law countries, the de-
gree of probability required in civil cases is lower than
that called for in criminal matters. Since, according to
socialist rules of civil procedure, the judges themselves
must search for the facts, it is dubious whether one can
speak at all of a burden of proof under socialist law.

Relevance and admissibility. In civil proceedings that
are determined by the adversary principle, evidence is
both ascertained and simultaneously restricted by the as-
sertions of the parties. If the allegations of one party are
not disputed or contested by the other, or if the allega-
tions are even admitted, then no proof is required.
Proof would, in fact, be irrelevant. Evidence offered to
prove assertions that are not in issue nor probative of the
matter in issue would also be irrelevant. The only evi-
dence that is, therefore, relevant, is evidence that to some
degree advances the inquiry and has a probative value
for the decision. While continental European judges, in
ordering the hearing of evidence or in deciding on evi-
dence, indicate the facts to be proved and thereby strictly
eliminate irrelevant facts, Anglo-American judges first
give the parties an opportunity to furnish any evidence
that they deem suitable. If, during the hearing of wit-
nesses, irrelevant questions are put, they are rejected
after the adversary has objected to them.

It has been said that relevance depends on logical con-
siderations and that admissibility depends on the law. In
contrast to continental European law, the common law
has developed a large number of rules governing the ad-
missibility of evidence. Relevant evidence is not admis-
sible, for example, if the witnesses are excluded from
testifying because of incompetency, or if they are pro-
tected by privileges against self-incrimination, or in in-
stances in which they would have to divulge confidential
or professional communications that have a privileged
status or government secrets, or, again, when the evi-
dence is excluded by the rules against hearsay.

In criminal cases in which the adversary principle does
not govern, relevance relates to such questions that are so
far removed from the case that they have no evidence
value at all. Admissions and confessions do not exclude
further evidence. According to Anglo-American law, the
accused may be a competent witness under the admis-
sibility rules, but, in contrast to an ordinary witness, he
has the privilege of not taking the witness stand. Accord-
ing to continental European law, the accused is neither a
party nor a witness. He can be heard, but he cannot be
forced to answer questions of fact. In general, Anglo-
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American rules of admissibility apply to criminal pro-
ceedings much as they apply to civil cases.

The free evaluation of evidence. Freedom to evaluate
all the evidence produced was established in Roman law
but fell into disuse as a principle during the time of the
formalistic Roman-canonical law of evidence that char-
acterized the Middle Ages. Remnants of the medieval
formal theory of evidence survive in various countries.

In countries where remnants of the medieval formal
theory of evidence are still preserved, the principle of
free evaluation of the evidence by the judge generally
dates from the French Revolution. The French intro-
duced the concept of the judge’s conviction intime (inner,
deep-seated  conviction) in contrast to rules of formal
evidence that prescribed exactly when the evidence
amounted to proof. The primacy this gave to the personal
conviction of the judge meant that it was not even neces-
sary to state the reasons for the inner conviction. This
total dependence on the judge’s discretion aroused a
great deal of criticism, and, as a result, various judicial
codes prescribed: that in giving the grounds on which
judgment was based, the judge had to specify in writing
why he was convinced in each case. Conviction intime
in its original sense is limited to the testimony of wit-
nesses and experts and to the explanations of the parties.
Both kinds of formal oaths made by parties to a case, the
supplementary oath and the tendered oath, are still valid
in Roman-law based countries, and both may lead to for-
mal solutions, since the judge must follow the legal con-
sequences of the oath. But these survivals of medieval
formal evidence theory have been weakened. In France,
for example, the judge’s latitude under. the principle of
conviction intime has been extended to allow him to pass
on the affirmation oath of the party, which formerly had
to be given a certain value, regardless of his opinion of
its worth. In other states, such as Austria, Germany, and
the Scandinavian countries, the formal oath of the parties
was abolished and replaced by the free depositions of the
parties. Even if the parties take an oath on their testi-
monies during this process, the judge is not bound by it
but may still make his own evaluation of the evidence. In
addition, some remnants of the formal evidence theory
have been preserved with regard to documentary proof
where rules of procedure contain presumptions as to the
conclusiveness of certain documents. Since reliance on
documentary evidence prevails in some countries, these
formal evidence rules are still of special importance.

In Anglo-American law the problem of free evaluation
of .evidence can be understood through the institution of
the jury. Obviously, the evidence must be convincing to
the common sense of the jury members, who form their
judgment on the basis of free conviction. The function of
the jury, however, is to decide questions of fact, rather
than questions of law, which are left to the judge. The
jury’s verdict can be overturned by the judge if it is in-
consistent with the evidence, or with his instructions as to
the law governing the case. The judge’s relationship.to
the jury therefore plays a role in the decisions, and there
are difficult questions in which it is unclear whether the
jury or the judge should consider the evidence. Some for-
mal rules of evidence survive in Anglo-American law. In
some cases evidence must be corroborated before it can
constitute proof. In homicide cases, for example, a con-
fession must be supported by additional evidence. In ad-
dition, evidence by witnesses is sometimes excluded by
rules of admissibility.

In recent years, some new principles for the evaluation
of evidence have become evident in the law of Sweden
and the U.S.S.R. Both countries have rejected all rem-
nants of the formal theory of evidence, and both have
tried to render the judges’ conviction objective. Sweden
demands that its judges undertake a discursive analysis
of all the evidence. The Soviet procedure calls for judges
to form their conviction on the strength of the evidence
and according to their “socialist legal conscience.”

THE CLASSIC MEANS OF PROOF

According to Anglo-American law, the classic means of
proof are witnesses, documents, and real evidence (de-
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rived from the actual inspection of objects). As a result
of historical development, the status of witness was ac-
corded to experts and to the parties in a civil lawsuit, and
even to the accused in criminal proceedings. The devel-
opment of continental European law has taken a different
course. Parties cannot be witnesses, and evidence by ex-
perts is subject to special procedural rules. Consequently,
there are essentially five separate sources of evidence:
witnesses, parties, experts, documents, and real evidence.

Oral testimony. The oral testimony of witnesses com-
petes in a sense with documentary evidence to the extent
that one may exclude or supplement the other.

The importance of documentary evidence in some con-
tinental European countries goes back to the year 1566
and the French Ordinance of Moulins, which stated that
contracts above a certain value could only be concluded
in writing with:the aid of a notary. This preference for
documentary proof has persisted in articles of the French
code of civil procedure and in other civil codes. Accord-
ing to the French practice, evidence by witnesses is ex-
cluded in the case of contracts above a certain value. But
this strict regulation has-been made more flexible by the
growth of doctrine permitting evidence by witnesses once
the origin of written proof is furnished and is not suffi-
cient, or if the contracts in question are commercial in
nature, or if it is impossible for one party to prove its
claim through documents. Facts extrinsic to the docu-
ment cannot be proved through witnesses. Even Soviet
law prescribes that in special cases proof can be furnished
only through documents.

Eligible witness. Under Anglo-American law, almost
anyone can be a witness, including the parties and ex-
perts; even insane persons, children, and convicted felons
may testify. Grounds once used for excluding such per-
sons as witnesses are now used only to impeach their cred-
ibility. Continental European countries, as has been said,
do not treat either the parties or experts as competent
witnesses, and they are still suspicious of interested wit-
nesses. Some of them, influenced by the Roman-based
school, deny, on the whole, the capacity of those persons
having a certain degree of relationship to the parties.
Some consider insane persons incompetent to testify, oth-
ers grant them the competency but exclude their testi-
mony on the grounds of credibility. The capacity to be a
witness does not depend on whether or not the person
can testify about questions relevant to the specific case.
In general, the tendency has been to utilize all persons
who can testify about facts that will help to establish the
truth. Competency as a witness has therefore been ex-
tended to as many persons as possible. On the other
hand, many persons are protected by law from being
forced to testify. This type of protection derives either
from privilege, or from the right to refuse to give evi-
dence, either case distinguishable from incapacity to tes-
tify. Whereas privilege or the right to refuse to give evi-
dence may be either requested or waived, incapacity to
testify takes effect automatically; i.e., it must always be
officially considered by the court.

Privileges. Privileges under Anglo-American law must
be distinguished from the right to refuse to give evidence
under particular circumstances as it exists in continental
European practice. The latter is granted. to witnesses for
either personal or objective reasons. The personal rea-
sons are the same as those that result in incapacity to tes-
tify under Roman-based law; i.e. relationship, affinity,
and marriage. The objective reasons concern -persons
who, as a result of their profession (for example, clergy-
men, physicians, attorneys, journalists, etc.), have been
put in possession of confidential facts. Such confidants
have a limited right to refuse to give evidence so long as
the person protected does not give his consent (the Ger-
man solution). In some cases they are not admitted as
witnesses without the consent of the protected person
(the Swedish solution). Thus the Swedish judge officially
decides whether the protected person has given his con-
sent, whereas the German judge leaves the decision
whether to testify up to the confidant. In addition, wit-
nesses may refuse to testify if their testimony would
cause direct financial damage to themselves or to their
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families, or if it would publicly disgrace them or expose
them to criminal prosecution. All persons may make
their own decision as to whether or not they wish to tes-
tify, but judges are obliged to inform them about their
specific rights in the matter. These procedural regulations
have developed in order to avoid the situation in which
the person protected becomes caught in a conflict be-
tween the truth and his personal interests. The interests
of the protected person—perhaps partly out of realism—
are thus given a higher value than the search for the facts.
In this regard, Soviet law has adopted a different attitude,
which places a higher value on objective truth than on
the personal rights of third persons who, though not
parties to a suit, may become invoived as witnesses.

The Anglo-American privileges differ from the conti-
nental European right to refuse to testify insofar as priv-
ileged persons cannot decide whether or not they wish to
testify. They may only cite their privileges, and the judge
decides if they must testify. Under a system that stresses
the free evaluation of evidence, the obligation to testify
is subject to only a very few exceptions.

Self-incrimination. The privilege against self-incrim-
ination has a twofold nature in Anglo-American law be-
cause, in civil proceedings, parties may appear as wit-
nesses and, in criminal proceedings, the accused may ap-
pear as a witness. The privilege of an ordinary witness is
considerably limited. He must submit to being designated
and sworn in as a witness in all instances and must an-
swer all questions except those which are self-incriminat-
ing. Consequently, either he or his attorney must sift out
the incriminating questions that will evoke the privilege.
This is not always easy, particularly since it is only the
witness, and not the party or the party’s attorney, who
may cite the protecting privilege. Critics have called this
privilege a sentimental institution, but it is worth noting,
in this regard, that the privilege against self-incrimination
was included in the U.S. Bill of Rights.

Personal and professional privilege. Privileges deriv-
ing from personal and professional relationships are gen-
erally not granted on principle, though historically a
privilege for the protection of marital communications
has developed. In England, an 1853 law decreed that a
husband could not be forced to testify concerning infor-
mation that his wife may have given him during the
course of the marriage. This, naturally, also applies to
the wife. In the United States, the courts contended that
laws concerning testimony on matrimonial communica-
tions contained only a statement of the common law.
Only the beneficiary of the privilege may cite it, and it is
not applicable where criminal offenses by one spouse
against the other or against the children are concerned,
or in the case of a divorce proceeding.

Attorneys are considered to be under an obligation to
refuse to testify about confidential communications with
their clients. The privilege, however, protects the client,
not the attorney, and, therefore, the client may waive it.
This privilege is only properly explained in terms of the
adversary system, which, so to speak, makes the attorney
his client’s champion.

Clergymen are likewise under obligation to refuse to an-
swer questions concerning information given them in the
secrecy of the confessional by believers. Again, the privi-
lege protects. the believer. This custom has been sanc-
tioned by legislation in many U.S. states. In England,
however, there is no common-law rule for this privilege.

Physicians, as a rule, must answer all questions since
there is no common-law privilege regarding confidential
information furnished by the patient. In some states an
appropriate privilege has been created by legislation. In
these states, it is again the patient who is protected and
only he may waive the privilege.

Journalists, like physicians, occupy a position that is not
entirely clear. In some jurisdictions they may refuse to
testify about their sources of information, and in a num-
ber of U.S. states such a privilege has been specifically
created by statute. In other U.S. states and in England
the question does not yet seem to have been settled.

Privilege in civil and criminal cases. Differences be-
tween civil and criminal proceedings regarding the avail-

ability of privilege grow out of the protection from self-
incrimination. It has already been pointed out that the
accused no longer lacks competence as a witness but may
exercise the privilege of refusing to be called or sworn as
a witness. Unlike ordinary witnesses, the defendant may
invoke this privilege with considerable latitude. But, if he
does decide to step into the witness box, he renounces his
privilege and may be interrogated as if he were an or-
dinary witness. The question arises, however, whether the
waiving of the privilege against self-incrimination is lim-
ited to testimony concerning crimes of which he pres-
ently stands accused, or whether he must answer all ques-
tions regarding criminal acts. It appears to have become
fairly well established that the prosecutor can, in fact,
interrogate the defendant about previous criminal of-
fenses. In civil cases, the parties have the same privilege
for protection from self-incrimination as other witnesses;
i.e., they need not answer incriminating questions.

Methods of establishing the credibility of witnesses.
Means for establishing the credibility of witnesses as-
sumed a great deal of importance at the point when me-
dieval formal evidence theory was replaced by the free
judicial consideration of evidence.

The oath, perhaps the oldest means for encouraging
truthful testimony, antedates this point, of course. The
oath, in some sense, forms a link between court proceed-
ings and religious belief since, in its usual form, witnesses
swear by Almighty God that they are speaking the truth.
Though the effectiveness of such an act has certainly di-
minished in secular societies, this appeal to God has for
centuries been considered the surest means of obtaining
truth. There are two kinds of oaths, the preliminary and
the subsequent. In Anglo-American practice, the witness
is sworn in before testimony. Under the German and oth-
er continental procedures, the swearing-in may occur
after testimony as well. The latter method allows the
judge to use his own discretion in individual cases as to
whether or not the witness should be ordered to swear.
In current German practice, very few witnesses are sworn
in for testimony in civil proceedings, whereas in criminal
proceedings all witnesses have to swear. Some continental
European countries allow witnesses who object to oaths
to substitute a solemn affirmation, and Denmark has
abolished all oaths in legal procedures. Only Soviet law,
intent on breaking with tradition, forbids any oath or
solemn affirmation. The oath of a witness does not have
the formal effect of binding the judge or the jury. They
must evaluate it and testimony freely.

The cross-examination. Common-law judges and at-
torneys regard the opportunity to cross-examine as a
guarantee of the reliability and completeness of testi-
mony by a witness. Under the perfect operation of the
adversary system it is not the judge but rather the parties
or their attorneys who interrogate the witnesses. The
plaintiff’s attorney begins the “examination in chief,”
which is subject to a number of restrictions. Leading,
misleading, and argumentative questions, for example,
are not permitted. After the plaintiff’s attorney concludes
his interrogation, the defendant’s attorney may cross-
examine the same witness. This cross-examination gen-
erally consists of leading questions posed with the intent
of weakening or invalidating the impression created by
the direct testimony of the witness. The cross-examina-
tion must ordinarily be limited to subjects covered during
direct interrogation. There is a recognizable tendency,
however, for cross-examination to become as open-ended
as possible. The plaintiff’s attorney has the option, finally,
to re-establish the credibility of his witness by re-exam-
ination. These interrogations are formally regulated and
require a great deal of skill and experience on the part of
the attorneys. Such formal questioning of the witness is
unknown to the continental European rules of procedure,
even though cross-examination is common. Continental
rules of procedure require the judge to interrogate the
witness first. Frequently, the witness begins with a free
narration. Then, after the judge has finished his inter-
rogation, the attorneys of both parties may question the
witness. All this is done in an informal manner, and al-
most any question is permitted. In Roman-law countries
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the interrogation of witnesses is, however, rather formal-
istic because it is generally limited to questions concern-
ing allegations specified in the evidence judgment. But
here too, there is a tendency for the court to allow ques-
tions at its discretion.

The witness as “real evidence.” Scientific examinations
of witnesses are especially common in paternity and sta-
tus proceedings with regard to blood-typing. These meth-
ods have now been so much improved that the suspicion
of paternity may be definitely dismissed in many cases.
In Germany and elsewhere, opinions based on biological
and hereditary evidence are used for these same pur-
poses. The use of fingerprint and ballistics evidence,
among other types, has become quite customary in crim-
inal cases. In the United States, there are varying opin-
ions about the admissibility of lie-detector tests as evi-
dence. The results of such tests are not yet admissible in
the continental European countries.

The hearsay rule. The hearsay rule is perhaps the
most characteristic feature of the Anglo-American law
of evidence. It has also been said that, next to trial by
jury, the hearsay rule constitutes the most important and
original contribution of this system’s practice.

Despite the obvious dangers involved in its use, free
evaluation of the evidence furnished by hearsay testi-
mony continues to be characteristic of continental Eu-
ropean law. This somewhat surprising fact may be ex-
plained by reference to the historical development al-
ready traced here. Until the 19th century, the medieval
formal evidence theory strictly prescribed when the judge
had to be convinced by the testimony of a witness. More-
over, there was no jury in the continental countries to be
protected by rules of evidence and therefore no need to
introduce rules of hearsay. When the formal evidence
theory was replaced by the requirement that the judge
freely consider the evidence, his discretion naturally ex-
tended to hearsay testimony.

The creation of a body of rules for the exclusion of
hearsay evidence was motivated by the arguments that
such testimony could tend to mislead the jury, that the
hearsay observer, unlike the legal witness, was not under
solemn oath and was inaccessible to cross-examination,
that such testimony furnished third-hand evidence; and
that it violated the best evidence rule.

Over the years, exceptions to the prohibition of hearsay
testimony had to be permitted, however, and these have
become so numerous that the opinion has sometimes
been expressed that no exhaustive list of such exceptions
could even be compiled. The judge must decide in each
case whether testimony based upon hearsay is admissible
under an exception to the rule—a further indication that
regulations governing the admissibility of evidence are
far more important in Anglo-American law than in con-
tinental law. The most commonly cited exceptions to the
rule of hearsay relate to statements made by dead or ab-
sent persons, statements in public documents, and to con-
fessions and admissions by parties.

Confessions. Confessions, as a source of evidence, are
distinguished from admissions. Whereas a confession is
a complete acknowledgment of guilt in criminal proceed-
ings, an admission is a statement of fact in either a civil
or a criminal case. In former times, the confession was
considered the ultimate form of evidence. As soon as
the accused confessed—often under duress—no further
proof was required. In time, involuntary confession came
to be rejected as evidence under English law, and the
burden of proving that a confession was voluntary lay
with the prosecutor. In the United States, the federal rule
that confessions are inadmissible if obtained while the
defendant was unlawfully detained has not gone quite so
far, though the law is still in a state of considerable flux.
Involuntary confessions, however, are not admissible for
any purpose under Anglo-American law. In continental
European law, on the other hand, confessions of the ac-
cused are always freely considered by the judge.

Differences between criminal and civil proceedings re-
garding admissions result mainly from the adversary
principle governing civil proceedings. In Anglo-American
procedure, if one party in a civil suit admits facts con-
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trary to his interest, such an admission is conclusive and
obviates the need for further evidence on the point. The
same result follows in German or Swedish courts. Under
the Roman-based laws of such countries as France, Italy,

and Spain, an admission made before the court is a form

of evidence that leads to conclusive proof binding upon
the court. But admissions made out of court are subject
to free evaluation by the judge and do not exclude further
evidence. Only Soviet law gives no binding effect to ad-
missions. :

Party testimony in the continental European countries.
Oral testimony by the parties in civil proceedings was
introduced in Austria in 1895. Norway followed suit in
1915, Denmark in 1919, Germany in 1933, and Sweden
in 1948. Party testimony is generally heard in the same
way as the evidence of other witnesses, but there are
some essential differences. For one thing, the interroga-
tion of parties is a subsidiary source of evidence to be
used only when all other means have been exhausted,
but it may be also used together with other means of
proof. In some countries, both parties must be heard; in
others, only one party may be heard upon motion of the
opponent. In most cases, the parties do not have to con-
firm their testimony by oath, but the court may decree
that one of the parties must swear. In Swedish law, for
example, the parties must solemnly declare that they
have told the truth. In Soviet law, however, the interroga-
tion of parties is completely informal.

In criminal proceedings under continental European
law, the defendant may be heard, but his formal position
is that of neither a witness nor a party. His depositions,
nevertheless, do have value as evidence.

Expert evidence. Expert witnesses must have special-
ized knowledge, skill, or experience in the area of their
testimony. For the most part, they do not testify con-
cerning facts but draw inferences from them. With a few
exceptions, they are treated in Anglo-American law as
ordinary witnesses and are brought before the court by
the parties in the same manner as other witnesses. Al-
though ordinary witnesses are generally allowed to testi-
fy only concerning facts and not to express opinions, an
exception to this rule is made for the expert, who must,
of course, be allowed to give his opinion.

Generally speaking, anyone with special knowledge may
be an expert in his respective field. In Anglo-American
law, the expert is designated by the party, while in conti-
nental European law the court decides who may be an
expert, generally selecting from a list on file in the court
so as to guarantee that the experts designated are im-
partial. Experts may not, therefore, be cited by the
parties.

The oral interrogation of experts is customary in Anglo-
American law, and proceeds, with a few exceptions, un-
der the same rules for the interrogation of ordinary wit-
nesses. :

Under continental rules of procedure, on the other
hand, expert opinions are generally given in written form.
Experts are allowed a rather wide scope of discretion,
especially when the opinion involves scientific findings
that often cannot be checked by the judge. But under
some continental European rules, the parties or their at-
torneys may request that the experts testify before the
court to defend their written opinion and tell how they
arrived at it.

Documentary evidence. - Documentary evidence is in
many respects considered better than the evidence fur-
nished by witnesses, about which there has always been
a certain amount of suspicion. Documentary evidence
differs considerably from the evidence of witnesses and
is dealt with under special rules.

Criteria for establishing the authenticity of documents
are only important if authenticity is contested. This is
often impossible, however, if a presumption favouring
the authenticity of a public document exists—which it
frequently does under continental European law. Under
Anglo-American law, a party may serve the adversary
with a written request to corroborate the authenticity of
any relevant document. Direct evidence of authenticity
may be gotten through the testimony of persons who
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signed the original documents. This is often impossible,
however, and in this case circumstantial evidence is per-
mitted. Under Roman-based law, documents are proved
genuine by special proceedings. In other continental Eu-
ropean countries, a document may be proved genuine by
any type of evidence.

The obligation to present documents in the Anglo-
American system derives from what is known as the best
evidence rule. If the original document is in the hands of
a third person or the opponent, the party that must sup-
ply proof can ask the court for a writ of sub poena duces
tecum compelling the third party to produce the docu-
ment in court. If the original is not produced after this,
second-hand evidence of its existence is then permitted.
In continental law, there is no similar obligation to pro-
duce documents. The adversary or third persons can only
be ordered to do so if there is a positive obligation under
the substantive law. Among European countries, only
Sweden has developed any extensive obligation for the
parties to produce documents. Soviet law has gone far-
thest in this regard, extending the rule to all kinds of
documents regardless of the interests of third parties.

Extrinsic proof of the contents of documents in Anglo-
American law is admitted only in special cases, since oral
evidence is inadmissable to vary, contradict, or add to the
terms of a written agreement—a rule that makes many
documents conclusive as evidence. The method of Anglo-
American law in this particular area is consequently neg-
ative, since evidence outside the content of the document
is on principle not admissible. Continental law follows
the medieval method, by attributing a certain value as
evidence to particular documents, which is binding on the
judge. .

The consideration of documentary evidence by the
judge therefore tends to be restricted, since the document
itself furnishes conclusive proof if evidence by reference
to facts outside the document is inadmissible. In most
continental laws, judges are bound by presumptions in
this respect, and only in Swedish and Socialist law are
there no provisions restricting free judicial consideration
of documentary evidence.

Real evidence. The remaining form of evidence that
needs brief mention in this survey is so-called real evi-
dence, also known as demonstrative or objective evi-
dence. This is naturally the most direct evidence, since
the objects in question are inspected by the judge or jury
themselves. Problems arise in this area over who is
obliged to present objects for inspection or to actually
undergo inspection. The use of the jury system in Anglo-
American law has made it necessary that any real evi-
dence be shown to be both logically relevant and com-
pletely genuine before it may be admitted as proof. The
exhibit of real evidence may sometimes be directly con-
nected with the case (for example, when a weapon is
shown to the court), or it may involve something used to
illustrate testimony, as, for example, a model or skeleton
to clarify testimony about an injury. In any case, real
evidence may not be accepted as legal proof unless it is
authenticated by the testimony of witnesses.

ADAPTATIONS OF THE BASIC SYSTEMS

Generally speaking, two different systems of the law of
evidence are prevalent all over the world: the Anglo-
American and the Continental European systems. The
latter can be subdivided into three. variants: the Ger-
manic, the French or Roman, and the Socialist patterns.
The Germanic variant tries to utilize all means of proof;
it follows the principle of formlessness and balances be-
tween the accusatorial and the . inquisitorial principles.
The French or Roman variant favours.evidence by docu-
ments and is dominated by a very formal procedure of
“enquéte” or investigation. The Socialist variant makes
believe that objective truth might be ascertained by evi-
dence. It therefore favours the inquisitorial principle and
does not protect witnesses, parties, and experts by privi-
leges or procedural rights.

Japan provides an interesting example of mixture of the
Continental European system (Germanic and Roman
variants) with the Anglo-American system with the con-

tinental model dominating, however. This can be seen
historically. With the Meiji revolution in 1868 Japan be-
gan to adopt Western practices, including European law;
so ‘that eventually Japanese ideas of the law of evidence
were replaced by European ones. The drafters of the first
civil code of ‘procedure in 1890 surveyed many legal
systems, including the French, taking something from
each. Their final product is, however, characterized as
following the first draft of the German civil code. In its
subsequent development, the Japanese legal system re-
mained true to these sources, even in the development of
anew code in 1929.

After the Second World War under American influence
this code of civil procedure was changed in many re-
spects; at the same time the Japanese code of penal pro-
cedure was changed. )

In criminal procedure the Anglo-American influence
can be found in several rules. The inquisitorial principle,
for instance, lost its dominating place in favour of the
accusatorial principle; it is not the judge but the defen-
dant and his counsel who question witnesses. Evidence by
hearsay is no longer allowed. Instead of the inquisitorial
hearing of the defendant there is the hearing of the de-
fendant as a witness. The fusion of the Continental Euro-
pean with the Anglo-American system of evidence leads
to an unique combination of the interests of the de-
fendant with the principle of impartiality of the court.

In Japanese civil procedure, however, the Continental
European law of evidence still dominates. The Japanese
adhere to the five classical means of proof: witnesses,
experts, parties, documents, and real evidence. The hear-
ing of witnesses is done by the parties and their counsels.
The party that asked for the hearing of any person will
start' with the examination; thereafter the other party
will cross-examine. But contrary to the Anglo-American
law of evidence there are no strong admissibility rules
regarding examination, cross-examination, and re-ex-

-amination. Contrary to criminal procedure, the hearsay

rule is allowed in civil cases. When the parties have
finished their examinations, the judge can put questions
to the witness or experts. As in the Continental Euro-
pean system, persons on the witness stand have no special
privileges, though they have the right to refuse to give
evidence that might lead to self-incrimination, the in-
crimination of relatives, or the revelation of state secrets.

There seem to be no current moves to change the law
of evidence as it is now in force in Japan, perhaps be-
cause it was changed too often during the last hundred
years.
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Evolution

Man’s interest in his own origin, that of all living things,
and that of the universe must be as old as man himself.
It is reflected in literary form (which must itself be based
on much older creeds) in legends of creation popular
among the peoples of antiquity—Sumerians, Egyptians,
Greeks, and Hebrews, whose sacred book, the Old Testa-
ment, contains two descriptions of the creation and traces
of a third. The omnipotence that primitive peoples as-
cribed to their deities made it natural for them to believe
that whatever is was created. This is the reason that
problems surrounding the origins of the earth, heavens,
seas, plants and animals, men and women were wrapped
in unquestioned and unquestionable dogmas, some of
which still hold sway. It is only comparatively recently,
in societies and civilizations possessed of scientific knowl-
edge and methods of investigation, that such dogmas
have come under question. The Copernican system de-
throned the geocentric view of the universe. Evolution,
the changes that living beings are now known to have
undergone since the origin of life on earth, has led to an
even more profound revolution in the history of ideas
because it has revealed the affinity of man to all other
living beings and has shown that change, not stability, is
the rule of life.

Evolution is the kernel of biology. It is significant that,
before Charles Darwin established evolution as an
inescapable fact and showed how it was brought about,
biology was in a state of chaos. Organisms are found
only as species, groups of individuals that resemble one
another more than they resemble any others and that
breed only among themselves, a concept that first be-
came precise in the 17th century, when, however, each
species was regarded as a product of the original crea-
tion, and no explanation was provided or even sought for
the countless puzzles that presented themselves: why spe-
cies differ from one another, what relation there was be-
tween living forms and the fossils found in the crust of
the earth, why some organisms are found only in certain
regions, why internal parasites such as the tapeworm in-
fest man, and many other questions. Evolution provided
the first unifying, general principle applicable to all liv-
ing beings, which are as they now are because they have
become what they are, having undergone modification
during descent from other species.

Another aspect of the significance of evolution is that
any fact discovered about one species may be applicable
to other species, and, as the study of biology progressed
and became diversified into many branches—including
comparative anatomy, embryology, paleontology, genet-
ics, physiology, etc.—each of these branches may have
lessons for the others. The understanding of any biologi-
cal phenomenon is helped by knowledge of evolutionary
principles and mechanisms, and many phenomena are
inexplicable without evolution.

Evolution also has practical significance for man. The
art and practice of medicine are the outcome and inte-
gration of studies in many branches of biology and
would make no progress without a realization of, for
example, evolutionary changes in bacteria and viruses.
Agriculture, including plant cultivation, animal domes-
tication, and selective breeding, depends heavily on the
application of evolutionary principles. Ethology, the
study of behaviour, has yet to find the evolutionary basis
for man’s aberrant conduct that allows him to kill mem-
bers of his own species wholesale, which other species do
not do. The social importance of evolution in under-
standing human conduct in the past and in providing
guidelines for the future is enormous.

This article is divided into the following sections:

1. History of evolutionary theory
II. The evidence for evolution

III. The process of evolution
Natural selection
Variation
The synthetic theory of evolution
Natural selection in action
The rate of evolution

IV. Speciation

Evolution

V. Major steps of evolution
The origin of life
Sex, plants, and animals
Viruses
Multicellular organization, death, and embryonic de-
velopment

Colonization of land

V1. Patterns of evolution

VII. The evolution of man
Hominization and sexual selection
Humanization: psychosocial evolution
Natural selection in man
VIII. Social evolution

Sociology before Darwin
Sociology after Darwin
Evolutionary genetics of society
Eugenics

IX. The acceptance of evolution

I. History of evolutionary theory

An understanding of modern evolutionary theory re-
quires examination of ideas that preceded those of Dar-
win. Some classical Greek philosophers held views that
have been thought to have foreshadowed the concept of
evolution; but they were abstract speculations not based
on objective studies of facts in nature, and, until the 18th
century, nobody dreamed of questioning that species had
been created as they are. )

The discovery in Java of flying lemurs (colugos, Galeop-
ithecus), then regarded as bat-winged monkeys, led the
French political philosopher Montesquieu to write in
1721:

This would seem to corroborate my feeling that the differ-

ences between animal species can daily increase and similarly

decrease; in the beginning there were very few species and
they have multiplied since.

This acceptance of the possibility that species might
change into other species was the kernel of the concept
of transformisme, transmutation, or evolution.

Studies of abnormal or monstrous births and the trans-
mission of striking hereditary traits (especially polydac-
tyly, the possession of extra digits) led a French mathe-
matician, Pierre-Louis de Maupertuis, in 1751 to envis-
age the multiplication of species as being due to fortu-
itous recombinations of elementary particles of organ-
isms that lead to offspring deviating from their ancestral
forms. This was not only an acceptance of evolution but
also a crude attempt to explain it. The French philoso-
pher Denis Diderot, in 1753, added the notion of com-
munity of descent:

If we consider the animal kingdom, and we notice that

among the quadrupeds there is none whose physical parts

and functions, particularly the internal ones, are not quite
similar, may we not readily believe that there was never
more than one primeval animal, the prototype of all, while

‘nature only lengthened, shortened, transformed, multiplied,

or obliterated some of its organs?

In a monumental work on natural history, Georges Buf-
fon, one of the leading naturalists of the 18th century,
raised the question of the possibility that the ass is re-
lated to the horse, with which it can breed. He asked if
these two species might not, perhaps, have been de-
scended from a common ancestor; but the opposition of
the theological faculty of the Sorbonne made him recoil:

If we once agree that the ass belongs to the horse family,

and differs from the horse only because it has degenerated,

it could equally well be claimed that the ape belongs to
man’s family, that the ape is a degenerate man, and that ape
and man had a common ancestry.

He went on to consider the possibility that all animals,

including ape and man, could be regarded as related,

and he answered himself, no doubt with tongue in cheek,
No, it is certain from Revelation that all animals shared in
the grace of Creation, and that each emerged from the hands
of the Creator as it is today.

Linnaeus, the founder of modern biological nomencla-
ture, expressed the same orthodox view in his early writ-
ings but by 1760 had been driven by his own observa-
tions to admit that species could vary. He thought, how-
ever, that genera were immutable.

Erasmus Darwin, the grandfather of Charles, by 1794
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had concluded that evolution had occurred. He based his
conclusion on changes undergone by animals during de-
velopment (chrysalis into moth, tadpole into frog) and on
changes by plants and animals under cultivation and
domestication as well as on vestigial organs, crossing,
monstrous births, and resemblances in comparative anat-
omy. He tried to explain evolutionary changes by imagin-
ing that desires and aversions, pleasures and pains, led to
wants “due to lust, hunger, and danger” and that their
satisfaction brought about modifications of species
through “the power of acquiring new parts, attended
with new propensities, directed by irritations, sensations,
volitions, and associations.”

A similar view was reached quite independently by the
naturalist Lamarck, who experienced such difficulties in
distinguishing between species and varieties that he con-
cluded that there was no real difference between them
and that, if enough closely related species were studied
together, they merged into one another and differences
between them could no longer be made out. In this he is
known to have been wrong; however difficult the barrier
between species may be to detect, it nevertheless exists.
In 1809 Lamarck’s views enabled him to propose a sys-
tem of evolution and to draw up an evolutionary tree,
from microanimals to man, with branches indicating
community of ancestry between different groups. To ex-
plain evolution, Lamarck invoked two factors. The first
was a supposed tendency to complexity and perfection
(incompatible with the fact of evolution of degenerate
forms), which meant that simple organisms alive in La-
marck’s time must have arisen recently by spontaneous
generation (which was disproved under the conditions of
the time by the experiments of an Italian naturalist, Laz-
zaro Spallanzani, and the French microbiologist Louis
Pasteur). His second factor was an imagined sentiment
intérieur, which, he supposed, caused movements and in-
troduced habits that produced new organs that satisfied
the animals’ needs. This was an unfounded speculation,
and, since Lamarck provided no evidence in support of
his views, they found no acceptance. It is perhaps regret-
table that the term Lamarckism is not applied to evolu-
tion itself. However erroneous, his was the first system-
atic presentation of the subject. Instead, the term is now
taken to describe a theory of the supposed heritable ef-
fects of use and disuse of organs (“the inheritance of ac-
quired characters”) and the direct action of environmen-
tal factors, which Lamarck was not the first to suggest
and which are now known not to be inherited.

Georges Cuvier, another French naturalist, rejected evo-
lution because he knew of no fossil forms intermediate
between existing species and because 5,000-year-old
mummified animals found by Napoleon’s expedition in
Egyptian pyramids were identical with existing forms. In
rock strata of the Paris Basin, the lowest and earliest
layers contained fossil faunas “ready-made,” which Cu-
vier attributed to creation; their complete absence from
later strata he attributed to catastrophe. He was, how-
ever, obliged to accept the fact that the fossils found in
upper beds showed an advance in complexity over those
in lower beds; this phenomenon, called progressionism,
was left unexplained.

Etienne Geoffroy-Saint-Hilaire, who accepted the con-
cept of evolution, was the first to use this word in the
modern sense (it earlier had been used to denote em-
bryonic development), in 1831, in a work on fossil rep-
tiles found near Caen, France. In the following year, the
British paleontologist Sir Charles Lyell used it in the
same sense, although he rejected evolution, because his
theory of uniformitarianism (long-continued action of
existing geological causes) killed catastrophism, and he
mistakenly regarded progressionism as associated with
catastrophism.

Lyell’s uniformitarianism acted as an unexpected fer-
ment in the mind of Charles Darwin, who, during the
voyage of HMS “Beagle,” was led to abandon the ortho-
dox notion of the fixed nature of species and to accept a
belief in evolution instead. This change of belief was
based on four sets of observations that he had made: the
presence in adjacent areas of a continent of related but

different species; the similarity of structure between fos-
sil and living forms in the same areas; the resemblance of
species on isolated islands to those on the nearest conti-
nent; and differences between species on closely adjacent
islands of the Galapagos Archipelago in relation to their
modes of life and feeding. All these facts, Darwin felt,
could be explained only if species were not specially
created but had been descended with modification from
common ancestral species.

Darwin realized that it would be useless to argue that
evolution had occurred unléss he could explain how the
process itself and, in particular, the adaptations behind it
had arisen. He solved this problem in 1838. The details
are so closely involved in the process of natural selection
that a description of the line of his thought is best de-
ferred until the process itself is considered (see below
Natural selection). In Darwin’s day there was complete
ignorance of mechanisms of heredity and of the origin
and nature of heritable variation. After constructing his
theory in 1838, Darwin remained silent about it for 20
years. During that interval, views favourable to evolu-
tion were expressed by others in Switzerland, Scotland,
and Austria. Alfred Russel Wallace, working in the East
Indies, formed a theory virtually identical to Darwin’s in
1858, and papers by the two men were presented at the
same meeting of the Linnean Society in 1858. Darwin’s
Origin of Species was published the following year.

It was not until the mid-20th century that a British stat-
istician, Sir Ronald Fisher, and a number of others in-
tegrated information from many different areas of biolo-
gy into a synthetic theory of evolution.

II. The evidence for evolution

The evolution of living organisms has gone on for 3,000,-
000,000 years, and the 20 years during which Darwin
studied the subject before publishing the Origin of Spe-
cies was a ridiculously short space of time for modifica-
tions of species to be observed. It must be stressed that
Darwin himself never claimed to provide proof of evolu-
tion or of the origin of species; what he did claim was
that if evolution has occurred, a number of otherwise in-
explicable facts are readily explained. The evidence for
evolution was, therefore, indirect. Recently, however, di-
rect evidence of evolution has been observed.

The indirect evidence for evolution is based primarily
on the significance of similarities found in different or-
ganisms, which are explicable only if they have derived
the features in question, structures or functions, from a
common ancestor during descent with modification, for
the laws of probability insist that fundamental similar-
ities can be traced only to one single origin.

Comparative anatomy provides the first set of witnesses.
There are a quarter of a million different species of
flowering plants, but all of them (except for a few para-
sitic forms) share the basic structures of roots, stem-
bearing branches, leaves containing the green pigment
chlorophyll, and flowers composed of modified leaves,
sepals, petals, stamens, and pistils. They differ in detail
between different species, but all are built on the same
plan and live in the same way, absorbing salts in water
through the roots and fixing carbon dioxide in the green
plastids of the leaves in sunshine to synthesize more of
their substance. The similarity of plan is easily explicable
if all descended with modification from a common an-
cestor, by evolution, and the term homologous is used to
denote corresponding structures formed in this way.

There are over three-quarters of a million species of in-
sects. Despite broad variations in the details of their body
plans, they all show a division of the body into head,
trunk, and abdomen; they have three pairs of legs and
two pairs of wings; and their mouthparts, whether used
for sucking or for biting, are built on the same basic
plan. In vertebrate animals, the skeleton of the forelimb
is a splendid example of homology, in the bones of the
upper arm, forearm, wrist, hand, and fingers, all of
which can be matched, bone for bone, in rat, dog, horse,
bat, mole, porpoise, or man. The example is all the more
telling because the bones have become modified in adap-
tation to different modes of life but have retained the
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same fundamental plan of structure, inherited from a
common ancestor. :
Embryology provides further examples. The German
embryologist K.E. von Baer wrote: -
In my possession are two little embryos in spirit, whose
names I omitted to attach, and at the present I am quite
unable to say to what class they belong. They may be lizards
or small birds, or very young mammals, so complete is the
similarity in the mode of formation of the head and trunk
in these animals.

Darwin supplied the answer to the problem by showing
that this embryonic similarity was due to the inheritance
of the structure of these embryos from the embryo of a
common ancestor. '

Comparative anatomy and embryology present the phe-
nomenon of transformed organs, structures that have
changed their form and function with evolution. Among
flying insects,: the flies (Diptera) differ from most others
in having one instead of two pairs of wings. The posterior
pair have been modified into gyroscopic organs (halteres)
that help in flight. Some fish have utilized the electrical
potential of specialized muscles in organs whose elec-
trical discharge is strong enough to serve as a sort of
radar emission. The echo, perceived by certain sense or-
gans, enables the fish to sense the proximity of objects in
the water. Other fish have increased this function to such
an extent that their electric organs are powerful enough
to kill or paralyze predators and prey. Only descent with
modification can explain the existence of such structures.

Some organs are called abortive or degenerate because
they no longer serve a function. The possession of wings
by ostriches, which cannot fly, is explicable if ostriches
were descended from flying birds, in which the wings
were functional. That this is, in fact, the case is evidenced
by the structures of the cerebellum, the bones of the wing,
and the tail, which show adaptations characteristic of
flight. The appendix of man has no useful function, but
it corresponds to the cecum of the alimentary canal of
herbivorous mammals (and of man’s ancestors) in which
it is a sac in which bacteria digest the cellulose cell walls
of vegetable food. Other examples are the vestiges of
hind limb bones in snakes and of teeth in the jaws of
young whalebone whales. Some marsupials, mammals
that have been viviparous (live bearing) for 100,000,000
years, still show in their embryos vestiges of the egg
tooth with which the embryo of the oviparous (egg-lay-
ing) ancestor cracked the eggshell.

Ethology (the study of behaviour) reveals similarities
between different species that affirm their community of
descent. This is the case, for example, in regard to the
instincts in ants, bees, and wasps and to nest building
among birds. Thrushes of separate species in Britain and
in South America line their nests with mud in the same
manner. Hornbills in Africa and in India both plaster up
the female in a hole in a tree. In some cases it is possible
to discern how instincts evolve. The three-spined stickle-
back has a complicated ritual of courtship behaviour,
which resembles that .of the ten-spined stickleback. The
latter, however, utilizes simpler components of behav-
iour, demonstrating the evolutionary origins of the more
complex acts performed by the three-spined stickleback.

The chemical characteristics of organisms are no less
typical of their species than are their structures, embryon-
ic development, or behaviour. Serology (the study of
blood serum) provides evidence of the degree of diver-
gence between the chemical composition of the blood of
different animals. Human blood injected into a rabbit
makes the latter produce antihuman serum, which, when
mixed with human blood; causes clumping and settling
(precipitation) of 100 percent of the blood protein. This
antihuman serum precipitates blood of other species in
the following percentages: gorilla, 64%; orangutan,
42% ; baboon, 29% ; ox, 10% ; deer, 7% ; horse, 2% ; kan-
garoo, 0% . These figures serve as measures of chemical
resemblance and affinity. It has been shown that seals re-
semble dogs, and whales resemble even-toed ungulates
(e.g., cattle)—results that, expressed as relative degrees of
affinity, agree with the evidence from comparative anato-
my, embryology, and paleontology.
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Figure 1: Homologies of the forelimb among vertebrates, giving
evidence for evolution. Although the bones correspond, they
are adapted to the specific mode of life of the animal. The
abbreviations are: h, humerus; r, radius; u, ulna; c, carpals;
m, metacarpal; p, phalanx. The Roman numerals indicate
corresponding digits. -

Biochemistry provides countless further examples of
similarities between species, of which one of the most in-
structive is the structure of the pancreatic enzyme insulin,
which is made up of 51 amino acids, arranged in a partic-
ular order that varies in details in different related spe-
cies. At'the site where the insulin of cattle has serine, that
of sheep has glycine; where insulins of both these species
have alanine and valine, insulins of horse and pig have
threonine and isoleucine, respectively, The general re-
semblance of the molecules of insulin in all these species
is explicable as due to their descent from a common an-
cestor; the differences between them are due to adapta-
tion evolved by each species. '

An essential constituent of living cells is the protein en-
zyme cytochrome c, which carries out part of the process
of respiration and has the same general chemical struc-
ture in bacteria, fungi, plants, and animals, but with dif-
ferences in the arrangement of some of its constituents.
The degrees of these differences make it possible to clas-
sify the organisms, in accordance with their evolutionary
positions, into a phylogenetic tree (a diagramatic indica-
tion of evolutionary pathways). Assuming a fixed rate at
which changes occur in evolution, it has been possible to
calculate the time elapsed since the different forms of cy-
tochrome c diverged from a common ancestor. In other
words, the time lengths of the branches of the phylo-
genetic tree can be estimated.

The above results throw a new light on an old branch of
biology: systematics, which is concerned with classifica-
tion (see CLASSIFICATION, BIOLOGICAL). The basic biologi-
cal unit in which organisms exist is the species; but spe-
cies are not casually distributed as grains of sand on a
beach or fancifully assorted as imaginary constellations
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in the sky. Rather, species fit naturally into successively
larger groupings: genera, families, orders, classes, and
phyla. As more is known about individual species, the
groupings make sense only if they are based on the nat-
ural pattern of the evolution of these species from com-
mon ancestors.

The study of parasites provides further evidence of evo-
lution. Most parasites have retained evidence of their
specialization from an ancestral, free-living form, from
which they evolved by becoming adapted to live on, in,
and at the expense of other living organisms, losing or-
gans essential for living a free life. Biologists recognize
that, to support the view that species did not evolve but
were created, it would be necessary to conciude that man
was created with poliomyelitis virus in his nerve cells;
malaria parasite in his blood, and tapeworms in his in-
testines.

Parasitology provides yet another line of evidence. In-
ternal parasites (and external ones that live under a layer
of fur or feathers) inhabit a constant environment, a con-
dition under which evolution may proceed slowly. But
the hosts harbouring the parasites live in a changing ex-
ternal environment and may have evolved fast enough
for the relationships between them to have been obscured
by structural changes. The affinities between the grossly
different hosts may sometimes be elucidated from the af-
finities existing between their parasites. Thus, pythons
have certain internal parasites similar to those of monitor
lizards, and pigeons have feather lice similar to those of
parrots. Herpes simplex virus is found only in man and
monkeys and lice of the genus Pediculus only in man and
chimpanzee. In all these cases, the presence of closely re-
lated parasites confirmed the existence of relationships
established by structural comparisons.

The geographical distribution of plants and animals was
first studied by Buffon, who noticed the differences in
flora and fauna between America and the Old World.
Buffon’s studies provided Darwin with some of the ques-
tions that led him to abandon belief in the fixity of spe-
cies and creation. He wondered why the fauna of Cape
Verde Islands has an African composition while that of
the Galapagos Islands has South American characteris-
tics. These similarities could be explained only by the
evolution of Cape Verde species from African:ones and
Galapagos species from South American ones. The mech-
anism now understood for the origin of species makes it
certain that each species originated only once and in only
one area. There are many forms whose modern geo-
graphical distribution is discontinuous; for example, ta-
pirs, now limited to South America and the East Indies.
Lungfish are found only in South America, South Africa,
and Australia. In each case, the distribution can be ex-
plained easily if the animals dispersed from the region
where they originated and subsequently became extinct
in intermediate regions. Extinct animals can often be
found as fossils; fossil tapirs have turned up in North
America, Asia, and Europe, and fossil lungfish have been
found even more widely.

Paleontology occupies a key position in evolutionary
studies; the fossils in the earth’s crust are objective evi-
dence of the course taken by living organisms in their
evolutionary history, or phylogeny (see PHYLOGENY). By
themselves, fossils do not “prove” evolution, for it could
be argued that they had all been specially created and
then succumbed to catastrophes, as Cuvier believed. But
such a view fails altogether to explain why the fossil
forms in lineages studied on sufficient material fall in ob-
vious series; nor does it explain why the feet, teeth, and
body sizes of fossil horses are so closely correlated with
the successive and different climatic conditions of their
environment.

With the help of radioactive dating of the deposits in
which they lie, it has been possible to determine the ab-
solute ages of the fossils and to measure the rates at
which different groups have evolved. The data are still
approximate, but they provide an estimate of the dimen-
sions of the fact and pageant of evolution and of its prob-
lems.

The earliest evidence of life in the crust of the earth

does not always consist of organisms themselves but may
be found in chemical substances that are the result of the
life of organisms, such as layers of oxidized iron and
other chemical “fossils.” In the atmosphere, the two
stable isotopes of carbon, carbon-12 and carbon-13, are
in a ratio of 99 to 1. Photosynthesis carried out by or-
ganisms, using sunlight energy, converts carbon dioxide
into organic carbon compounds with a higher ratio of
carbon-12 to carbon-13 than is found in ordinary rocks,
thus indicating the former presence of living organisms,
as in the Fig Tree deposits in Rhodesia, about 3,000,000,-
000 years old, in which traces of structure of bacteria and
blue-green algae have been found, some surrounded by
concentric layers of limestone secretion. Undoubted
stalked bacteria and blue-green algae have been discov-
ered in the Gunflint iron deposits of Ontario, nearly
2,000,000,000 years old. In the Bitter Springs Cherts of
Australia, 1,000,000,000 years old, true green algae and
fungi have been recognized. The oldest known fossil ani-
mal is an already well-developed wormlike form, Xenu-
sion, 800,000,000 years old, from the Precambrian of
Sweden. The first animals must have been soft and incap-
able of preservation as fossils. When the Cambrian Peri-
od began, 600,000,000 years ago, many forms of algal
plants and invertebrate animals were already developed.

It would require very special pleading to pretend that
paleontology does not present objective evidence for evo-
lution, but more direct evidence is now also available,
first from cytogenetics. In long chromosomes of the fruit
flies of the genus Drosophila, the genes in one species
form a linear series that may be labelled ABCDEFGHI.
In another species, the corresponding genes are in the
order AEDCBFGHI; the section BCDE has been invert-
ed. A third species has the order AEHGFBCDI; here the
section DCBFGH of the second species has been invert-
ed, which indicates that the third species was derived
from the second, and it from the first.

III. The process of evolution
NATURAL SELECTION

Evolution is the product of improvement in adaptation,
and it was adaptation that Darwin felt that he must ex-
plain before he could convince anyone of the fact of evo-
lution. The logical approach to the principle of natural
selection, therefore, begins with a consideration of adap-
tation.

Adaptation is a word with two meanings, one referring
to a process and the other to its product. It is the biologi-
cal process by which advantage is conferred on those or-
ganisms that have structures and functions enabling them
to cope successfully with the conditions of their environ-
ment. The ecological position occupied by an organism,
relative to the entire range of environmental variables, is
called the niche. The word adaptation is also used to de-
note those structures and functions specialized for a par-
ticular role.

All living organisms are adapted to their modes of life
in a general way, and each is adapted to the characteris-
tics of its own niche. A plant depends on its roots, by
which it absorbs water and inorganic salts in solution and
by which it is anchored; it requires a stem, balanced by
the geometrical distribution of its branches, as a result of
which the plant is able to maintain a vertical position
and support its leaves; and the leaves, in turn, are vital
as sites of photosynthesis, the process whereby the energy
from the sun is used to synthesize organic chemical
compounds.

In addition to the general adaptations, which are com-
mon to all species in large groups of related organisms,
there are also special adaptations that some species have
and others lack, and it was for an explanation of the ori-
gin and cause of these adaptations that Darwin looked.
A woodpecker, for example, possesses the gross adapta-
tions common to flying birds: feathers, wings, beak,
clawed, scaly feet, etc. As adaptations for subsistence on
insect grubs hidden under the bark of trees, the typical
woodpecker has four structures that make its search for
food more efficient: two toes on each foot are turned

backwards (instead of the usual one), enabling the bird to -
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get a firm foothold on the bark of the tree; the tail feath-
ers are stiff and serve to prop the bird in position while
it bores; boring and flaking are done by a stout and strong
beak, with which a hole is chiselled through the bark and
into wood; finally, an exceptionally long tongue enables
the bird to take the insects at the bottom of the holes.
Among woodpeckers, each species has further speciali-
zations that adapt it to its own segment of the bark-forag-
ing niche.

Another example is mistletoe, any of about 80 species
of parasitic plants (the familiar species being in the
genera Phoradendron and Arceuthobium) that live inti-
mately spliced onto branches of trees, from which, not
having true roots, the mistletoe obtains water and salts in
solution while the chlorophyll in its green leaves enables
it to carry on photosynthesis. In order to survive, mistle-
toe is dependent on three factors: an insect to pollinate its
flowers; a bird to disseminate its seeds by eating the
berries and depositing them with its droppings on the
branches of suitable trees; and an appropriate tree on
which the parasitic relationship can be established. These
adaptations are held to have arisen from natural selection
of heritable variations.

The change that can be achieved through selective
breeding of parents possessing particular characters has
been known since the Neolithic Period, when man began
to cultivate plants and domesticate animals, increasing
their size, yield, and other desired qualities. In Darwin’s
thinking, an important example of selection working on
heritable variation was the comparison between wild
bison (Bison bison) and Indian domestic cattle (Bos
indicus) with humps, for the structural differences be-
tween them would certainly be recognized as of the value
at least of separate species if they were found in nature,
and one of them was not the result of artificial selection
by man. Darwin was sure that the cause of change was
selection and that those organisms that were better fitted
to withstand the struggle for existence, which goes on
everywhere, would prosper and perhaps oust those less
well fitted. But how such a system of selection could
operate in nature, long before any man was there to
supervise it, baffled him until 1838, when he read English
economist Thomas Malthus’ An Essay on the Principle
of Population and happened on the statement that, since
human population, if unchecked, would increase in geo-
metrical progression and double in 25 years while food
supply increased only in arithmetical progression, famine,
misery, and mortality constantly threatened the human
race, and particularly its poorer classes.

Darwin saw that, since plants and animals are quite
unable to increase their food supplies artificially, the
principle of mortality automatically imposed by nature
would apply to them in full force. Natural selection was
entirely Darwin’s idea, not derived from Malthus. The
latter’s theory of human population limitation did not
take into account the great increases in per-acre food
production made possible by modern agricultural tech-
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Figure 2: Adaptive pressures that affect the size of a warm-blooded animal.

niques and, therefore, requires modification in order to
be entirely valid. It is, however, valid when applied to
organisms in nature, and it explains how selection works
in nature, in its most direct form, by Killing the insuffi-
ciently adapted. Hence the term natural selection.

The basic principle of natural selection is fairly simple.
Most organisms produce more offspring (eggs, seeds, or
young individuals) than live to maturity. The number of
individuals in most species remains more or less constant
from year to year. There must be, therefore, a high rate
of mortality (from starvation, predation, disease, mal-
formation, and accidents of the physical environment),
eliminating individuals at various stages of their lives: as
eggs, embryos, larvae, juveniles, and adults. Within a
population, individuals are not identical but show varia-
tion that may affect any character, structure, or function
at random. Some variations have characters that allow

their possessors to function more efficiently in the strug-

gle for existence than those that lack these characters. In
other words, they are better adapted, even by ever so
little, to the conditions of their ecological niches. They
live longer, leave more numerous and healthier offspring,
and provide the majority of the parents of successive
generations. Heredity ensures the resemblance between
parents and offspring. By natural selection of heritable
variation, successive generations will maintain and even
improve on the degree of adaptation achieved by their
parents.

Adaptations thus confer survival and reproductive value
on their possessors, and the ecological conditions of the
environment determine at every stage which variations
are adaptive and which not. Natural selection therefore
rams better adapted variants into their ecological niches
under pressure and ejects other variants, thereby provid-
ing more available, unoccupied niches. The case of the
woodpecker is explained by random variations in the
foot, tail feathers, beak, and tongue, selected in the direc-
tion seen. It is relatively simple, but the same principle is
involved in the complicated cases of parasites, such as
malaria or tapeworm, both of which involve the inter-
position of an intermediate host (mosquito or fish) in the
life history.

VARIATION

Darwin never tired of repeating that without heritable
variation natural selection could do nothing at all, and
there would be no evolution. But neither Darwin nor any-
one else at the time the Origin of Species was published
had objective knowledge of variation, its nature and its
origin, or of heredity. It was known that variation existed,
and the only hypothesis then available was that of
“blending inheritance,” by which it was supposed that off-
spring struck an average between the characters of their
parents. This meant that, at each generation, variance
was halved and that after ten generations all variations
would have been levelled off and obliterated. This meant,
in turn, that the numerous observed variations would
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have to be recent. For instance, all the differences be-
tween two full brothers whose heredities were identical
could only be explained as the result of variations that
had arisen in their own early lifetimes.

It was known that “sports,” now known as mutations
(sudden changes in genetically controlled features), oc-
curred and were inherited. It was also known that en-
vironmental factors and the effects of use and disuse
could evoke bodily changes in individuals. It was then
supposed that such effects also could be inherited, for
one of the oldest folk beliefs (and fallacies) was the in-
heritance of acquired characters. (In Greek mythology,
for example, when Phaethon drove the sun-chariot so
close to the earth over Africa that it scorched the in-
habitants black, they transmitted this character to their
descendants, the Negro race.) It was found in the Old
Testament, in the story of Jacob and Laban’s sheep and
goats, on which Jacob induced visual impressions to work
at the time of conception. In some countries it was for-
bidden to show hares in shop windows in case pregnant
women should see them and give birth to children with
harelips.

In spite of faked results and the neglect of proper pre-
cautions in experiments, no case whatever is known of
the inheritance of any modified character impressed
on the body of a multicellular organism by the effect of
the environment or use or disuse of organs. The proviso
of multicellularity is necessary because in the reproduc-
tion of unicellular organisms, when the parent divides,
part of its body (on which the environment may have in-
duced a modification) passes straight into the bodies of
the offspring, which may still show the environmental ef-
fect. This is not what is meant by inheritance, which re-
sults only from the transmission of genetic material in re-
productive cells.

The Moravian monk Gregor Mendel filled the gap in
Darwin’s scheme in 1865, when he showed that charac-
ters are controlled by particles, now called genes, which
exist in pairs (alleles), one member of each pair derived
from each parent. He demonstrated that the particles do
not become contaminated but remain pure and separate
(segregate) at germ-cell formation, so that not more than
one of each pair enters any one germ cell, and that they
recombine at random at fertilization. At each cell divi-
sion, genes copy themselves exactly but occasionally un-
dergo sudden changes (mutations), after which they con-
tinue to copy themselves exactly in their changed state
until they mutate again.

A further important fact discovered by Mendel was that
some genes are stronger, more penetrant, than others and
can make their effects visible in the offspring when such
genes are inherited from one parent only—that is, are
present in “single dose”; such genes control dominant
characters. The weaker genes can manifest themselves in
offspring only if inherited from both parents—that is, in
“double dose”; such genes are called recessive, and when
one is present in an organism paired with its dominant
allele, its effects are hidden.

Mendel’s work was ignored until 1900, when it was re-
discovered. During the first 20 years of the present cen-
tury, it was confirmed completely by a number of
workers who showed that genes are carried in linear
order in the chromosomes, which are visible in the nu-
cleus at division. Genes carried on different chromosomes
segregate at random exactly as required by Mendel’s
system, but genes carried on the same chromosome show
“linkage” and are transmitted together unless the chro-
mosome undergoes ‘“crossing-over,” when the linked
genes become separated and segregate. The mechanism of
the chromosomes provides exactly what is required to ex-
plain the distribution of Mendelian genes.

To understand the role of inheritance in evolution, it
is necessary to consider the relation between genetic
transmission of factors (genes) and embryonic develop-
ment of expressed characters, for it is only through
embryonic development that characters arise at all. The
genes of the organism, inherited from its parents, consti-
tute its genotype, which determines and limits its capacity
to respond to normal and abnormal environmental fac-

tors and to factors within the developing organism. Every
event in embryonic development is a reaction and a re-
sponse. No character is solely inherited and none solely
acquired. Fish have had paired eyes in their heads
since the Silurian Period, 400,000,000 years ago, yet
today it is only necessary to add magnesium chloride to
the water in which a fish is developing to obtain an ab-
normal fish with a median cyclopian eye. This means
that 400,000,000 years of inheritance and the same
period of the action of normal environmental factors
have not fixed the development of paired eyes. Develop-
ment is only normal in a normal environment. The prod-
uct of development, the mature organism, is called the
phenotype, and it is the result of interaction between the
genotype and the environment. All that the genotype can
do is to set the limits within which development takes
place. Here attention must be turned to the problem of
evaluating a variation that appears in a population, a
problem that can only be solved by experiment. If the
variation appears only when environmental conditions
are changed (as when the organisms are moved from one
climate to another or when the diet is changed) and dis-
appears when the original environmental conditions are
restored, the variation is nonheritable. It has not been in-
corporated into the genotype and is known as a modifica-
tion or phenotypic variation. If the variation arises with-
out any change in environmental conditions and con-
tinues to ‘appear in the offspring, it is heritable and is
known as a mutation or genotypic variation. Only geno-
typic variation provides heritable variation on which
evolutionary change can be based; but the ability of an
organism to undergo nonheritable modification in re-
sponse to environmental factors may “cushion” it against
some of the rigours of natural selection, and this ability
itself may be genetically controlled.

Mutation is therefore the inception of heritable varia-
tion. It may affect only a single gene, as a result of im-
perfect replication of the molecule of deoxyribonucleic
acid (pNA), of which the gene is composed, or it may af-
ect whole chromosomes by duplicating one or more of
them as extras, following imperfect cell division. In man
the presence of one supernumerary chromosome ‘is re-
sponsible for the serious disorder mongolism. When the
complete set of chromosomes is increased two, three,
four, or more times, the resulting condition, polyploidy,
can play an important part in speciation in plants by pro-
ducing genetic isolation between populations.

In addition to genotypic variation there is a category of
“nongenetic” inheritance due to structures present in the
extranuclear (cytoplasmic) part of the reproductive cell
or fertilized egg. Such cytoplasmic transmission therefore
does not involve Mendelian genes in chromosomes and
is solely maternal, for the sperm has no cytoplasm. An
example is the inheritance by plastids or plasmagenes
(small bodies in the cytoplasm) that can be seen in some
plants whose branches, normally green, change to white,
and seeds from flowers born on such white branches give
solely white plants. This type of inheritance does not
have much potential for evolutionary change.

THE SYNTHETIC THEORY OF EVOLUTION

Even when Mendel’s work was first rediscovered and
was still imperfectly understood, it caused great contro-
versy. On one side Mendelian geneticists maintained that
their mutations were the only source of heritable varia-
tion and that their new characters appeared, ready-made,
without any previous selection. The Darwinian selection-
ists objected that mutations were deleterious, if not
pathological, that the sudden changes that they caused
were incompatible with the slight gradual changes that
Darwin’s theory required, and that mutations, which bore
no relation whatever to environmental conditions, were
utterly incapable of explaining the origin and improve-
ment of adaptation to those environmental conditions.
Such was the state of evolutionary studies when an En-
glish statistician, Sir Ronald Fisher, observed that the
great majority of mutations controlled characters that
were both recessive and deleterious and concluded that
they were recessive because they were deleterious—in

The evolu-
tion of
dominance
and re-
cessiveness



The
relative
impor-
tance of
selection
and
mutation

other words, that they had become recessive from a pre-
vious condition intermediate in character. That this view
was correct was shown by experiments in which it was
clear that the action of any one gene in controlling its
character is itself under the control of the other genes,
which form what is called the gene complex. The com-
position of the gene complex is constantly reshuffled at
every fertilization when the segregated genes recombine
at random. If a deleterious mutation appears, those gene
complexes that reduce the effect of that mutation give
survival value to their possessors; possessors of gene
complexes that do not do this perish. This explains the
remarkable situation of the dominant “eyeless” gene in
the fruitfly (Drosophila melanogaster), a gene with ob-
viously deleterious effects. Some individuals with “eye-
less” genes can breed, but there is great mortality in the
offspring. It is possible to establish a pure eyeless strain
by careful maintenance of the breeding colony. If such
breeding is continued for a few generations, flies are
eventually produced that possess normal eyes. This does
not mean that there has been any contamination of the
eyeless gene, as is proved by crossing such genotypically
eyeless (but phenotypically eyed) individuals with other
individuals of the original wild type (the normal gene
complex). The offspring of such crosses show the eyeless
efféct of the gene in all its original virulence. During the
generations of breeding eyeless flies, there has been re-
shuffling of the gene complex at each generation with
heavy mortality, but some gene complexes have obliter-
ated the deleterious effects of the eyeless gene. This se-
lection of gene complexes received experimental proof
when the English geneticist E.B. Ford, studying the cur-
rant moth (Abraxas grossulariata), selected the same
gene in opposite directions, making it dominant in one
line and recessive in the other.

When one gene of a pair of alleles becomes recessive,
the other necessarily becomes dominant, which is why
the genotype of the “wild type” of organism found in
nature contains so many dominant genes that mask re-
cessives. These recessive genes are a contingency reserve
for possible future use, any of which may be favoured by
selection when conditions change, as they always do,
unpredictably.

The rates at which mutations of genes occur in nature
have been estimated in organisms as diverse as bacteria,
maize, flies, and man and found to be of the order of
once in each gene pair, in each generation, in 500,000
individuals. This rate can be increased by physical and
chemical mutagenic agents (X-rays, mustard gas, etc.),
and in some cases the rate is itself subject to genetic con-
trol. In nature it is a slow rate, but it builds up into a
stock of genetic diversity that supplies the heritable varia-
tion on which natural selection works.

The astronomical quantities of potential variation that
can be produced by the Mendelian mechanism of segre-
gation and recombination of genes is shown by Mendel’s
own example of the number of different genotypes pro-
duced in two generations when parents differing in only
seven pairs of genes are mated; the number-is 2,187. As
the numbers of genes in higher organisms run into thou-
sands, the number of genotypes resulting from their
segregating and recombining at fertilization is three
raised to the power of the number of differing genes.
More heritable variation could be produced than ever is
actually produced. This is the solution to the difficulty
imposed on Darwin solely by the errors of the notion of
“blending inheritance,” the problem of accounting for a
sufficient supply of heritable variation for natural selec-
tion to work on. Mutation maintains variation, while
“blending inheritance” would annihilate it.

If mutations took place more frequently than they do,
variants would be lost before natural selection had had
time to derive from them what potential advantages they
might present. Mutation not only need not but must not
be too frequent.

Fisher’s researches showed that the system of Mendelian
genes that mutate occasionally, segregate, and recombine
at random provides exactly the mechanism required to
explain evolution by natural selection. They showed that
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if the majority of mutant genes are recessive because they
have become recessive, one may conclude that natural
selection has acted against them (under the conditions
that existed when they mutated). There is no “favour-
able breeze” of mutations, nor are mutations directed in
any advantageous sense. When they first occur, muta-
tions are not adaptive. This demonstration of the initial
suppressive effect of natural selection on mutants means
that all theories that include the concept directed varia-
tion (Lamarckism, program fulfillment, orthogenesis,
providental guidance, and others) and that seek to ex-
plain evolution as a result of control of the direction in
which mutation occurs, whether by supposed effects of
use and disuse, satisfaction of needs, environmental fac-
tors, inherited “memory,” or “inner urges,” are contra-
dicted flatly by the observed fact that natural selection
acts against new mutants.

Mutation, at the rates at which it occurs, is quite in-
capable of establishing a character in a population if
there is the slightest degree of selection exerted against
it, and the forces of selection, or selective pressure, can
be measured. The short-term effect of mutation on evolu-
tion is therefore minimal or nil. It has been calculated
that previous mutations have already set up such a stock
of potential heritable variation that if mutation were to
stop altogether today, evolution would go on from now
as far into the future as it has come in the past. It is
selection, not mutation, that controls the direction, rate,
and intensity of evolution. This conclusion, based on ex-
periments in genetics, is confirmed from work in pale-
ontology.

The way in which the character of organisms are
affected by environmental changes is well illustrated by
the evolution of the horse (Figure 3). At the start in Early
Tertiary times (about 65,000,000 years ago), the habitat
of the ancestral horses was swampy and the vegetation
luxurious with leafy plants. To this environment the
horse’s ancestors (Hyracotherium) were adapted by feet
with four splayed toes that did not sink in the mud and
short teeth for browsing on and eating the soft leaves
of trees and shrubs. Later, in the Miocene, the ‘vegeta-
tion in many areas changed to grass, which contains
silicon and would wear down short teeth. The horse’s
ancestors (Merychippus) then became adapted to this
food by the evolution of long high-crowned teeth, capable
of uninterrupted growth. At that time the ground was dry
and hard, and the number of toes in the feet became re-
duced, finally to one, with a hoof and a spring joint.
These animals were thus able to exploit the grassland
niche, as it became more prevalent.

The evolution of the horse was never in a straight line.
First many-toed, low-crown toothed browsers changed
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Figure 3: Evolution of the horse.
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into fewer-toed, high-crown toothed grazers; lastly, one-
toed grazers were the surviving type. This evolution was
correlated in each case with the changed conditions of
the environment, both vegetable and physical, and as the
various directions are different, the effect on the whole
lineage is called “zig-zag” to stress the difference be-
tween this fact and the mistaken notion of “orthogenic”
(straight line) evolution. In other words, it ' was adaptive,
and in bringing it about natural selection acted oppor-
tunistically. Those forms that persisted in an old trend as
the environment changed became extinct. Examination
of a large number of specimens has shown that the di-
rection and the speed of the various stages in the evolu-
tion of the horse were not correlated with the coefficients
of variability of the organisms, nor with the length of life
or generation time. At the start of the Tertiary, varia-
bility in Hyracotherium was great but tooth evolution
slow; in the mid-Tertiary, teeth were evolving fast from
the browsing to the grazing type, but variability was then
small. As for generation time, it occupies only a few
years in the opossums, which have evolved only little in
the 60,000,000 years since the Eocene, during which time
elephants, with a generation time of several decades,
have evolved very rapidly.

Only natural selection, therefore, is left as the agent
responsible for controlling the speed, direction, and in-
tensity of evolution.

On different grounds, attempts have been made to dis-

credit natural selection, particularly by those who shy’

from its automatic mode of action. It has been alleged
that structures of great complexity, such as the eye,
would require an impossible degree of mathematical
improbability if they were formed by “chance.” But
such a view betrays a misunderstanding of the problem.
The eye was not produced out of nothing; ancestors of
animals with eyes had simpler eyes, even single cells sen-
sitive to light such as are found in the most primitive or-
ganisms. Improvement of function confers increased sur-
vival value from the start, and the same is true of all
other cases subjected to rigorous analysis: electric or-
gans, the origin of flight in birds, the parasitic habit of
the cuckoo, the adaptation of whales to life in deep
water, and the evolution of colour-vision. In each case,
new functions and new organs were developed out of old
ones. In colour-vision, the ability to. distinguish colour
is a by-product of two other improvements: accuracy of
sight, and sight at low thresholds of light. Gradations can
be made out, even in the evolution of such an organ as
the eye. This is important because adaptations are not
perfect and leave room for further improvement.

With regard to improbability and “chance,” while mu-
tation and recombination of genes are random, fortu-
itous, and haphazard, which means that heritable varia-
tion cannot be correlated with any known internal or ex-
ternal factor, it is not heritable variation but natural se-
lection that controls evolution and produces adaptation.
The effect of natural selection is rigorously determined
by the conditions of viability of the organism and of the
ecological niche in which it lives. Adaptations are not
the result of any favourable deviations from the laws of
probability, such as casino patrons dream of inventing.
Natural selection works, on the contrary, by the continu-
ous, and cumulative, action of those laws of probability,
on which casino proprietors successfully rely for their
profits.

The feature of natural selection, whereby only favour-
able variations are preserved, has led to the apparently
paradoxical situation that it is an automatic mechanism
for producing results which, if considered beforehand,
would have seemed highly improbable. Although it works
blindly and opportunistically, in accordance with the day-
to-day situations that arise, natural selection does not
produce its results by chance at all; its working condi-
tions are strictly determined, and what they do is to
channel fortuitous variation into adaptive directions,
thereby simulating the appearance of purposive design.

Improbability is worth considering from the different
points of view of time before and time after. The statis-
tician Sir Ronald Fisher pointed out that the probability

that a given man alive today should in the future have
sons, grandsons, and successive descendants in the male
line, uninterruptedly for 100 generations, is extremely
small. By the very nature of sexual reproduction, how-
ever, every man alive today is living proof that such an
uninterrupted line has in fact occurred, however improb-
able it might have been 100 generations ago.

The concept of purpose is another stumbling block for
some in regard to natural selection, for adaptations are
useful; they serve a purpose. In the eyes of those who,
like the eighteenth century philosopher William Paley,
believed that adaptations were evidence of the existence
of a divine designer, an adaptation was the fulfillment of
a design, and a proof of teleological purpose. Paley was
uncomfortable in trying to reconcile the horrible cruelty
and suffering in the animal kingdom with divine purpose.
But the word purpose has two meanings. In the first, the
concept of the end result to be achieved precedes the

.means used to achieve that end, as in theological tele-

ology. In the second, the word purpose describes the
use for which anything may serve, without implying that
it came into existence in order to serve for that use. This
is applicable to any structure or function that has arisen
by natural selection of random and fortuitous variations.
The opportunistic quality of natural selection rules out
any teleological definition of purpose. The term teleo-
nomic has been introduced to describe the purpose served
by an adaptation.

It has been argued that natural selection cannot account
for the evolution of beauty. Beauty is a subjective aesthet-
ic impression, with which natural science is not compe-
tent to deal. Organisms which man calls beautiful can be
explained on wholly functional grounds. Flowers are
often cited to illustrate beauty. It may be noted that no
plant that is pollinated solely by the wind has a coloured
flower; coloured flowers were evolved as adaptations to
attract insects, which serve for cross-pollination. In the
same way, coloured fruits were evolved, attracting birds
which eat them and disseminate the seeds. In each case,
the selective advantage is obvious.

Several writers have suggested that, in addition to the
“microevolution” that produces species, there is also a
process of “macroevolution” that, through a sudden and
major genetic change, may produce a whole new organ-
ism, assignable to a different major taxonomic category
from that of its parents and founding a new line; but no
evidence from nature has been offered to support such a
theory, which appears to run counter to the wealth of
information on natural selection.. The evidence that all
evolution has gone through the mill of speciation ap-
pears to be overwhelming.

NATURAL SELECTION IN ACTION

One of the most striking examples of observable evolu-
tion is the phenomenon known as industrial melanism,
the prevalence in a normally light-coloured species of
black or dark (melanic) individuals, due to environmental
changes brought about by industry.

~ Until the middle of the 19th century, the British pep-

pered moth (Biston betularia) was known only in its
grey form, admirably adapted by its coloration and
habits to escape detection by birds when stationary in
daylight on the lichens on the bark of trees. About 1850
an occasional black mutant (given the subspecific name
carbonaria) appeared and was so conspicuous that black
individuals were rapidly taken by bird predators on the
bark of trees and the mutation was largely suppressed.
Like most mutations, it was recurrent (further evidence
of the non-adaptive nature of mutations) and the mutant
moths suppressed. Meanwhile, the Industrial Revolution
brought about a marked change in the environment in
several parts of Britain, especially in manufacturing dis-
tricts, where air pollution by carbon dust and soot killed
the lichens on the trees and blackened the trunks and
branches. Now it was the carbonaria mutant that was
favoured, and the original pale betularia form penalized.

Direct observations of feeding birds by H.B.D. Kettle-
well provided a measurement of the survival rates of the
two forms in normal and in industrial areas. Some obser-
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vations indicated that carbonaria survived 17% worse in
unpolluted areas, and 10% better in polluted areas,
where the populations of peppered moth were now com-
pletely dark by 1950. The dark moths are now blacker
than those affected by the original mutation, due to rein-
forcing action of the gene-complex.

Here, then, is a mutation which conferred disadvantage
on its possessors under the environmental conditions in
which it arose, but which, as a result of an unpredictable
change in those environmental conditions, now confers
marked advantage in survival. It has resulted in the
evolution of the moth from grey to black in a short space
of time, under human observation. Similar changes have
been observed in nearly 100 other species of insects and
spiders, which reveal the opportunistic working of natural
selection. :

A gene called “Sickle” controls the synthesis of an
abnormal hemoglobin in man’s red blood cells and de-
forms them so that instead of disc-shaped they are elon-
gated like sickles and liable to break down, resulting in
anemia, thrombosis, or death. The gene is prevalent
among inhabitants of West Africa, and is intermediate
between dominance and recessiveness. When one sickle-
gene is present, and the other gene is the normal allele,
pathological effects are produced only in extreme condi-
tions of oxygen deficiency: in shortness of breath, or at
high altitudes. When two sickle-genes are present, patho-
logical effects are manifest in normal conditions. The ab-
normal hemoglobin in the sickle red cells, however, has
the unexpected property of preventing the malaria para-
site Plasmodium falciparum from entering the cells and
completing its life cycle in them. Sickle therefore confers
immunity to malaria, and a balance is struck between the
danger of death from malaria without sickle, and death
from thrombosis with two sickle-genes. The condition of
one normal and one sickle-gene is therefore favoured,
and the equilibrium frequency of sickle in West Africa
is about 20% of the population. Among Negroes in the
United States, where there is no endemic malaria, the
frequency has dropped to 9%. The change has taken
place, under natural selection, in less than three centuries,
and such a change in gene frequency in a population is
itself evolution. Here again a deleterious mutation has
come to confer survival value under the unpredictable
environment factor of malaria.

The mathematical implications of natural selection were
worked out by Sir Ronald Fisher, geneticists J.B.S. Hal-
dane and Sewall Wright and others. A coefficient of
selective advantage is obtained by calculating the num-
ber of individuals of one form of variant that survive to
breed, relative to the number of another. Selection coeffi-
cients are difficult to determine in natural populations,
but in a few cases of strikingly evident variants, such as
the melanic form of the peppered moth, figures have
been gained by direct observations. Assuming a coeffi-
cient of 0.1% (1,001 of one type surviving for every
1,000 of the other) and assuming the mutant is dominant
it would take 11,739 generations to increase the number
of individuals in a population from one individual in one
million to 500,000 in a million; if the mutant is recessive
the number of generations required to achieve the same
result is 321,444. Mutants, thus, have to become domi-
nant if they are to spread through a population. These
calculations are for a very weak coefficient of selection;
but the peppered moth shows that the amount of change
produced in the populations in the time observed, from
99% grey to 99% black in polluted areas, indicates a
much higher selective advantage, which can reach 30%.
This value can also fluctuate at different seasons. The
peppered moth has evidently been subjected to intense
selective pressure in polluted areas, to change the mean
of the population from grey to black in only about 200
generations. This is an example of dynamic selection re-
sulting, as always, from change in environmental condi-
tions.

When an environment remains constant for an appreci-
able time, advantage accrues to the optimal phenotype
already built up to that environment by natural selection,
and variation from that phenotype is penalized. An ex-
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ample is the observation of the viability of house spar-
rows picked up after very severe weather, and compari-
son of the characters of the survivors with those of the
dead. The survivors were more uniform in size, weight,
etc., and the dead more variable. Too big or too heavy
was as bad as too small and too light. This is an example
of stabilizing selection (also called centripetal), which can
also vary in intensity and allow a population a wide or a
narrow margin of tolerance in variation, according to
the number and activity of predators or the rigour of
physical conditions. At the same time it must be remem-
bered that the many characters of an organism are ex-
posed to selection in different directions; the phenotype is
a compromise.

For theologians like Paley, adaptations were ex hy-
pothesi perfect. This was not Darwin’s experience, for in
many of the places he visited on the voyage of the “Bea-
gle,” he found that recently introduced species had be-
come more numerous than the old indigenous species,
which meant that the latter were not perfectly adapted,
and that others could do better. Adaptations may be im-
perfect in spite of the purpose which they generally serve.
An example of a gene that is frequently maladaptive is
the RH blood group (Rhesus factor) in man. An Rh+
fetus in the uterus of an Rh— mother produces antigens
that cross the placental barrier into the mother’s blood
stream. The mother produces antibodies which pass
back to the fetus and may cause fatal hemolytic disease.
No positive adaptive value has yet been discovered for
the Rh system. Mammals have been viviparous for a
hundred and fifty million years, but the immunological
mechanism has not yet become adapted to the Rh blood-
group genes. The importance of the existence of im-
perfect adaptations is that it provides scope for further
evolution; if adaptations were perfect, no improvement
and no evolution would be possible.

On the other hand, adaptation may in other cases have
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become so minutely precise that when the conditions un-
der which the adaptation arose become changed, the or-
ganism may be incapable of readaptation to new condi-
tions, and become extinct. This is probably what hap-
pened to the huia (Heterolocha acutirostris), the male of
which had a stout beak, with which it chiseled holes in
decaying wood, in search of insect larvae. The female
had a long, slender, down-curved beak, not strong
enough to do the initial chiseling, but long enough to
reach the grubs exposed by the male. The deforestation
of New Zealand resuited in a great decrease in rotten logs
and the associated insects, depriving the huias of their
food supply. The rapidity of environmental change
coupled with the birds’ narrow food niche and inability
to change their habits may have been a prime cause of
extinction.

The extent of extinction since life originated can be seen
from the estimate that the number of species of organ-
isms now living is less than one percent of those that have
existed.

THE RATE OF EVOLUTION

The rate of mutation or of heritable variation, from a re-
combination of genes, does not control the rate of evolu-
tion, which is dependent on the impact on a population
possessing genetic diversity, of selection dynamic or
stabilizing. This is well shown by a comparison of the
average ages of related groups (orders, families, genera)
of marine and terrestrial animals. In millions of years the
ages of orders are 65 for mammals as against 270 for
fish; 180 for insects, 410 for crustaceans; 100 for land-
snails, 400 for sea-slugs. In each case, the land animals
evolved faster than their marine relatives. Extreme ex-
amples of this fact are the so-called “living fossils”:
Lingula (lamp-shell) practically unchanged for 500,000,-
000 years, Latimeria (coelacanth, a member of the primi-
tive fish order Crossopterygii) for 400,000,000, Limulus
(horseshoe crab) for 180,000,000 years. In the evolution
of horses during 60,000,000 years, the average rate per
genus was 7,500,000 years.

Another method of estimating rates of evolution is to
calculate the number of new genera known to have
originated per million years. During approximately 60
million years of the Tertiary, the figure for mammals was
30, and for fishes only six. There are two reasons for this
difference between marine and terrestrial animals in evo-
lution rate. First, the marine environment has changed
little and slowly; a form living in it is subjected more to
stabilizing than to dynamic selection. On land, geological,
physical, and biological (food-supply) factors have con-
stantly changed, and unless a population could respond
efficiently to the dynamic selection to which it was ex-
posed, it became extinct. The second reason is that the
waters in the oceans are continuous, resulting in less
isolation of populations, an important factor in specia-
tion.

It can be shown that the rate of evolution is also corre-
lated with new possibilities of ecological advantage. The
conquest of a new medium (freshwater, dry land, or air)
by a successful group gives opportunities for rapid adap-
tive radiation (the attainment of diversity in an evolution-
ary line) such as was shown by early land plants, land
animals, and by birds. In insects and flowering plants the
ecological advantages are reciprocal; since the Jurassic,
when both of these groups originated, adaptations of
each group haveé been closely interrelated with those of
the other. Insects get pollen and nectar from the flowers,
and plants benefit from the cross-pollination . that the
visiting insects ensure. On the other hand, plants have had
to contend with attacks by insects, and insects have had
to adapt to the defense mechanisms of plants.

Adaptation to a new food supply is correlated with evo-
lutionary acceleration, as shown by whales, which di-
versified rapidly at the start of the Tertiary. The large
teeth of primitive whales, such as the Eocene Protocetus,
enabled them to feed on large prey. Later, some whales
took to feeding on small cuttlefish and evolved smaller
dentition, as in modern beaked whales (Physeteridae).
Finally, one line of toothed whales evolved baleen. al-

lowing them to take advantage of the enormous supply
of tiny shrimplike crustaceans (krill) by turning their gap-
ing mouths into shrimp nets. Each of these changes coin-
cided with a bout of more rapid evolution.

The rate of evolution is also influenced by the place that
an animal occupies in the food chain of its environment.
Small organisms that drift about in the sea (plankton),
algae, larvae, or krill have no chance against their preda-
tors, and their survival depends on high reproductive rate
and acceleration of development to make up for losses.
But in the case of animals that actively accomplish or re-
sist capture by the use of efficient sense organs, nervous
coordination, and muscular movement, as in maiminals
and birds, at the top of their food chains, evolution is
rapid, and the reproductive rate usually is low.

These factors have played a part in the location of cen-
tres of evolution. Natural selection has most heritable
variation to work on in species whose populations have
large numbers of individuals, in which the incidence:of
recombination of genes and of mutation is greatest. Such
populations cover wide areas, which is why the major
centre of evolution of land animals was in the tropical re-
gions of the Old World. There, with evolution occurring
faster and natural selection more intense, the survivors
became dominant groups while their predecessors, less
efficient, were driven away to the ends of the landmasses,
western Europe, South Africa, Australia, and South
America. It is in these remote areas that discontinuous
geographical distribution of relic faunas is principally
found. Marsupials, which originally had a universal dis-
tribution, have become restricted to America and to Aus-

tralasia, where they radiated, protected from the more ef-

ficient placental mammals by a water gap. There have
been other centres of evolution for smaller groups. Ele-
phants evidently originated in northeastern Africa and
southern Asia, whence they spread all over the world.
These far-flung elephant populations, despite adaptations
for habitats other than that at the centre of origin, were
mostly extinct by the end of the Pleistocene. It is possible
that some may have been extirpated by Neolithic man.
Horses and camels apparently originated in North Amer-
ica, then spread over the world, and later became extinct
in North America. Man’s centre of origin was East
Africa.

It is evident, therefore, that selection has controlled the
speed, intensity, and direction of evolution, in popula-
tions with genetic diversity. Selection has been able to
do this because the Mendelian mechanism on which it
works is able, as circumstances require, to produce either
stability or change: stability because genes do not con-
taminate each other, are often “linked,” and mutate only
seldom; change because genes do mutate, can undergo
“crossing-over,” segregate at germ-cell formation, and
are recombined at random at fertilization.

In view of the paramount part that natural selection has
played in evolution, by acting on heritable variation in
such a way as to originate and improve adaptation, it
may be asked whether all characters of organisms are
or were adaptive. The answer to the question is complex.
For the majority of cases it is yes; for some special cases
it may be no.

It cannot be doubted that, in general, characters were
adaptive under the conditions in which they evolved.
But conditions change, and characters that were advan-
tageous can become neutral or even disadvantageous.
An example of an adaptation that became a handicap is
the antlers of the Irish elk (Megaloceros), which became
extinct, possibly because the exaggerated size of their ant-
lers impeded their movement in forests. Sir Julian Hux-
ley has shown that the size of the antlers is a result
of the mechanism of allometric growth—i.e., that the
growth of a part (the antlers) is an exponential function of
the growth of the animal as a whole. Selection pressure
in favour of the size of the animal (as in most ungulates)
was then counterbalanced by selection against the ex-
cessive size of the antlers, and these are no longer
adaptive but, instead, were harmful. This illustrates two
principles: that characters that confer advantage in early
adult life may become harmful in postreproductive stages
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and that characters controlled by an allometric growth
mechanism may increase against selection pressure until
it becomes too strong for the genotype as a whole.

Another method by which characters can arise without
being selected for is by means of the fact that many genes
have multiple effects (pleiotropy), and if they are selected
favourably for some effects, others even if selectively
neutral or slightly disadvantageous can arise and persist,
provided that they do not become sufficiently harmful to
outweigh the advantages of other effects, in which case
natural selection would act against their possessors. Spe-
cies can overcome this difficulty by rendering the advan-
tageous effects of such pleiotropic genes dominant and
their disadvantageous effects recessive or by the selection
of other genes that mask the deleterious effects of the
pleiotropic ones.

A method of short-term bypassing of natural selection
and producing structures that appear to be nonadaptive
is seen in those cases in which sheer reproductive ability
of a member of a species results from characters that
appear to be maladaptive. In birds of paradise, the fan-
tastic ornamental feathers of the males may, through
preferential sexual selection by females (see below), re-
sult in the greater reproductive success of the most ex-
travagantly decorated males, to the detriment of the via-
bility of the species, protected by lack of predators. In
plants a comparable condition is found in which the
greater speed of growth of the pollen tubes, from the
stigma of the flower to the ovule, may result in repro-
ductive advantage in spite of whatever disadvantageous
genes the pollen tubes may carry. But natural selection
eventually catches up with such bad characters when
conditions harden. Great reproductive ability confers
advantage only when it is the result of adaptation of the
species as a whole to its environment.

“Random genetic drift” has been proposed as a principle
providing for the possibility that in isolated populations,
so small that the laws of probability do not apply in the
usual manner, random survival of characters may occur
without selection, which would allow for the existence
and survival of nonadaptive characters. But it would be
possible only where the selective disadvantages of such
survivals were extremely small and could not be effective
against the most mild adverse pressure of selection in
populations exceeding 500 individuals. So-called genetic
drift cannot, therefore, be of more than negligible im-
portance in evolution.

IV. Speciation

The origin of new species and evolution are not synony-
mous. A certain amount of evolution can take place, as in
the peppered moth, without the end product ceasing to
be of the same species. It therefore becomes necessary to
define the species in modern terms: it is an interbreeding
gené pool, such that a mutant that appears anywhere in
its range is, in principle, capable of spreading to any
other part of the range. This is why evolution can also be
defined as a statistical change in the gene pool.

A new species arises when part of a population has un-
dergone sufficient evolution (i.e., has accumulated enough
genetic ‘change) along the lines of adaptation to its own
environment that interbreeding with other populations of
the ancestral species is rendered at first unusual and later
impossible (see SPECIES AND SPECIATION). The key crite-
rion in determining whether or not speciation has oc-
curred is whether the populations are reproductively iso-
lated.

The usual first step toward speciation is the formation
of different local races, a process that has been well
studied in the spread of the house sparrow (Passer domes-
ricus, also called English sparrow) in North America.
First introduced about 1850 into the northeastern United
States, this species spread to Mexico and the Pacific coast
and became diversified into a number of distinguishable
populations, differing mostly in accordance with certain
ecological “rules.” One of these, enunciated in 1847,
states that body size in any species of warm-blooded ani-
mals is larger in populations inhabiting in colder climates
than in those of warm climates. The adaptive significance

Evolution 17

of larger body size involves the reduction of heat loss by
reduction of surface-volume ratio. It has also shown in
1833 that black pigment is reduced in hot, dry climates
and brown pigment is reduced in cold damp climates.
North American populations of the house sparrow have
produced recognizable differences in fewer than 100 gen-
erations. It is doubtful that the differences are sufficient
to affect interbreeding.

Populations actually in the process of speciation are
seen in certain gulls of the genus Larus that occupy a
U-shaped range around the North Pole, with the two
ends of the loop overlapping in Great Britain, where
the western end of the loop is occupied by the European
lesser black-backed gull (L. fuscus), a medium-sized gull
with a dark-gray mantle. Populations of the dark-mantled
birds intergrade gradually eastward into those of the her-
ring gull (L. argentatus), a light-mantled species of Si-
beria and North America. The herring gull extends across
the Atlantic Ocean to England and Scandinavia, where it
coexists with the lesser black-back. The British species
also differs ecologically: the lesser black-backed gull
breeds inland on moors and is migratory; the herring gull
breeds on cliffs and is resident. The pitch and frequency
of their calls are different. Here, then, are two gulls at op-

posite ends of their geographical range that still belong to

the same gene pool if a mutant can be imagined as pass-
ing from gull to gull round the North Pole but that in Eu-
rope have become adapted to different ecological niches.
The gulls are an example of both geographical and eco-
logical isolation. Geographical and ecological isolation
also is found in the ground finches of the Galapagos Is-
lands, which drew Darwin’s attention to the possibility of
evolution.

Genetic isolation is produced when an organism multi-
plies the number of its chromosomes (polyploidy). This
is particularly important in producing hybrids that
cannot breed with either parental stock because of the
incompatibility of their sets of chromosomes with each
parental species. A hybrid primrose formed by crossing
Primula floribunda with P. verticillata underwent a
doubling of the number of chromosomes possessed by the
parental species, which meant that each chromosome
then had a compatible partner for the mechanism of cell
division. This polyploid hybrid was then able to set fertile
seed and develop into a plant with its own constant char-
acters, whose offspring bred true. The new plant was
intersterile with both its parent species. It therefore ful-
filled all the requirements of a new species and is Primula
kewensis, formed in the laboratory.

V. Major steps of evolution
THE ORIGIN OF LIFE

Whether the earth cooled from a molten mass or con-
densed out of cold dust, life could not have existed when
the earth was formed some 5,000,000,000 years ago; it
must have originated since. Several well-known scientists
have shown that the primitive atmosphere must have
been a reducing one (i.e., without free oxygen). When a
sample atmosphere of hydrogen, water vapour, ammo-
nia, and methane was subjected to electric discharges and
ultraviolet light, large numbers of organic compounds—
fatty acids and amino acids, the building blocks of pro-
teins—were obtained by automatic synthesis. This proved
that a prebiological synthesis of complex compounds
was possible. It is now believed that phosphates, en-
zymes, and nucleic acids were formed in this way on the
primeval earth under ultraviolet light energy. Enzymes
accelerate the synthesis of complex compounds out of
simple substances and nucleic acids replicate. As both
processes are the characteristic of life, it is not unreason-
able to suppose that life originated in a watery “soup” of
prebiological organic compounds and that living orga-
nisms arose later by surrounding quantities of these com-
pounds by membranes that made them into “cells.” This
is usually considered the starting point of organic (“Dar-
winian”) evolution.

These organisms must have fed on compounds in the
water in which they were bathed, as primary heterotrophs
(food takers). But as the supply of compounds would be-
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come exhausted, the next stage must have been the de-
velopment of mechanisms of synthesis, utilizing chemical
energy (as in some bacteria) or light energy (as in other
bacteria and blue-green algae), thus converting the organ-
isms into autotrophs (food makers). In bacteria and blue-
green algae the genetic material, deoxyribonucleic acid
(DNA), was not organized into nuclei; such cells are called
procaryotes.

SEX, PLANTS, AND ANIMALS
The fundamental basis of sex is not sexual differences
but the interchange of genetic material (syngamy) be-
tween individuals, resulting in heritable variation through
recombination. No such interchange has been observed in
blue-green algae, which have remained virtually un-
changed for 3,000,000,000 years. Bacteria show primitive
and incomplete interchange.

Following the envelopment of living material in a mem-
brane, the next step was the organization of DNA into
nuclei in each cell, with chromosomes bearing the genes
in linear order. Such organisms are called eucaryotes and
include all organisms above bacteria. The mechanism of
Mendelian genetics was then able to work and to increase
enormously the scope of variation, on which natural se-
lection acted. Another advance was the development of
the green pigment chlorophyll, which enabled organisms
to build up organic compounds from carbon dioxide in
the air and salts in water in the soil, under the action of
sunlight. Photosynthesis evolved in one-celled organisms
(protists), which produced the higher plants (tracheo-
phytes). Plants are complete autotrophs, the prime pro-
ducers of proteins, carbohydrates, and fats.

Life involves not only synthesis but also the degradation
of organic compounds, in which some bacteria play a
part. Other organisms make use of decomposing matter
as a source of supply and have lost the power of photo-
synthesis; these are fungi, which may be a separate evolu-
tionary line. Other organisms obtain their food ready-
made by eating living plants or other organisms that, like
themselves, eat plants. These are animals that have
completely lost the power of synthesizing their substance
from simple compounds and, as secondary heterotrophs,
are ultimately entirely dependent on plants for their ex-
istence.

VIRUSES

Viruses, very minute particles of nucleic acid surrounded
by protein shells, present a problem. Their simplicity has
led some to believe that they are relics of a precellular
stage of organic evolution, but this is unlikely. Viruses
are incapable of free existence and can persist only as
parasites inside living cells. Their DNA behaves like
genes and mutates (producing new strains of viral dis-
eases) and their enzymes force the host-cells that they
parasitize to synthesize more viruses out of the host cell’s
materials. Unlike living organisms that multiply only
by some form of division of their own bodies, the
“bodies” of viruses do not divide to produce the next
“generation” of viruses. Instead, the new generation is
the result of synthesis enforced on the parasitized organ-
ism. The prevailing view of virologists is that viruses
were derived by degenerate evolution from portions of
nuclei or even genes of parasitic bacteria or protozoa in
living host-cells.

MULTICELLULAR ORGANIZATION,
DEATH, AND EMBRYONIC DEVELOPMENT

Unicellular organisms, reproducing by division, are po-
tentially immortal, barring accidents, and, being single
cells, exchange genetic material by temporary fusion in
pairs. In order to fuse, germ cells must be able to move
and to meet, but in order that the fertilized egg about to
embark on embryonic development can live, it must con-
tain a supply of food to last until the developing organ-
ism can feed itself. This led to a differentiation between
large germ cells containing food materials but incapable
of movement (eggs) and small germ cells consisting of
little more than a nucleus but capable of movement
(sperms). Subsequent sexual differences follow from the

dimorphism between egg-producing females and sperm-
producing males.

The multicellular stage of life arose, allowing greater
size and differentiation of parts of the body, with differ-
ent structures and functions, all of which conferred sur-
vival value. Syngamy, with its all-important production
of variability for selection to work on, can take place
only between single cells whose nuclei fuse and genes
recombine. In multicellular organisms a division of
labour has arisen, with single germ cells serving for re-
production of the organism and the whole of the rest of
the body functioning to support and protect the germ
cells. Syngamy, which is the fertilization of these germ
cells (gametes, whose genetic material is potentially im-
mortal), produces the next generation, by growth and
differentiation to build up bodies similar to those of their
parents. But the price to be paid for the advantages of
multicellularity is that the multicellular body must die.

COLONIZATION OF LAND

After 2,500,000,000 years of life in water, organisms be-
gan to colonize land, about 500,000,000 years ago. At
that time consequences of the different methods of feed-
ing of plants and animals became conspicuous. Plants,
needing nothing but ubiquitous carbon dioxide and salts
in solution, remained stationary. Animals, requiring liv-
ing food, had to move to obtain it and so evolved muscles
and skeletal structures, sense organs to find the food, and
nervous systems to coordinate the impulses from sense
organs and transmit appropriate responses to muscles,
Movement is most efficient along one axis in one perma-
nent direction; the front end becomes a head and, in it, a
brain. These features were already present in water, but
in land animals they became accentuated.

The first plants and the first animals established on land
were still in need of water for the sperm to swim in and
find the eggs, as in the modern mosses, horsetails, ferns,
and Amphibia. In the Amphibia, water remained neces-
sary for the embryo to develop in. With the formation of
pollen grains (containing the sperm) and ovules (contain-
ing the eggs), fertilization (pollination) in plants could
take place in dry habitats. In animals, internal fertiliza-
tion and the enclosure of the embryo in an eggshell like-
wise made life on dry land possible. Mammals improved
on this system by retaining the fertilized egg within the
mother’s body.

When plants were established on dry land, ovule-pro-
ducing and pollen-producing leaves, surrounded by col-
oured petals and protective sepals (also leaves), resulted
in flowers that attracted insects that performed cross-
pollination. Seeds are embryos packed up ready for dis-
semination.

VI. Patterns of evolution

Improvement and adaptive radiation. In the evolution
of a lineage (a long continuous genetic line), it is possible
to make out five stages. First comes divergence of parts
of the species from the original stock. This splitting.is
the start of cladogenesis (the initiation of a new clade, or
evolutionary line). Next comes improvement of the
adaptation in relation to the environment. This can mean
the degeneration associated with extreme . parasitism,
but in the vast majority of cases, improvement results
in increased complexity and differentiation (anagenesis).
If the improvement enables a lineage to break through
and colonize a new environment (land, air), where there
are usually very numerous and diverse ecological niches
yet unfilled, there is a rapid increase in numbers and
variation, and multiple divergence (adaptive radiation).
Examples are seen in the succession of dominant forms in
geological times: seed ferns, conifers, flowering plants;
amphibia, reptiles, mammals, and birds.: Next comes a
phase of stability (stasigenesis) leading to persistent types
(coelacanths) or “living fossils.” Finally, extinction may
overtake the lineage when conditions change, variability
is insufficient to allow readaptation, and natural selection
takes its toll. '

Paedomorphosis and clandestine evolution. Embryos
of related animals show great similarity, evidence of their
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Figure 5: Anagenesis and adaptive radiation.

descent from a common ancestor whose embryonic de-
velopment they repeat for early stages. The 19th-cen-
tury German biologist Ernst Haeckel believed that in
their embryonic development, the embryos of descen-
dants recapitulated the evolutionary stages that their an-
cestors occupied as adults; the earlier .the embryonic
stage the more remote the adult ancestor. This theory,
the reverse of the truth, would mean that evolutionary
novelties were added only to the end stages of the devel-
opment. Far from the young descendant representing the
adult ancestor, it is much more important that in many
cases the adult descendant resembles the young ancestor,
by retardation of development, retention of the ancestral
juvenile features, discarding the ancestor’s adult stage,
and evolving a new adult stage of its own. This process is
known as paedomorphosis and is found in lineages that
have led to markedly successful cases of evolution, with
extensive adaptive radiation. It is a method of avoiding
excessive specialization and has been suggested as a pos-
sible mode of origin of insects from young millipedes, of
vertebrates from young (larval) echinoderms, and of
man from juvenile apes.

Paedomorphosis has an important consequence for pa-
leontology. It means that the evolutionary changes that
will lead to the next step take place in the young stages,
but these often lack hard skeletal structures and are not
preserved as fossils. When the old adult stage is lost and
a new adult stage takes its place, the new form arises
without “paleontological warning,” by clandestine evo-
lution—one reason that the great successful groups ap-
pear more or less suddenly in the fossil record, with a gap
between them and the ancestral form. The Carpoidea,
fossils from the Lower Cambrian, hitherto classified with
echinoderms, have been shown to have had gill slits and
fishlike brains and to be related to ancestors of verte-
brates. They are now called Calcichordata.

Mosaic evolution. In the evolution of each of the five
classes of vertebrates, the fossil record has preserved
forms that are roughly intermediate between two succes-
sive grades. The most important of these is Archaeop-
teryx, the remarkable feature of which is that some of its
structures are purely reptilian (small brain, long tail, free
fingers), others are purely avian (feathers, wing, furcula
or wishbone, reversed fourth toe). In the transition from
reptile to bird there was no general and gradual conver-
sion of all the parts at the same time, but some remained
reptilian while others became completely transformed to
the bird type. This pattern is called mosaic evolution. It
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can be recognized in the other intermediate forms, be-
tween fish and amphibia, amphibia and reptiles, reptiles
and mammals, and also in the evolution of man.

Mosaic evolution can also be recognized in plants. In
the seed ferns that formed the bulk of the coal forests,
the stem and fronds were like those of true ferns from
which they probably evolved, but the seeds were like
those of cycads (flowering plants allied to conifers), into
which they evolved.

Parallel and convergent evolution. Some groups of an-
imals that have diverged can later evolve lineages that
show resemblances. The simplest case of this is in parallel
evolution. Marsupials were the dominant form of mam-
mals in late Mesozoic times. In the Tertiary the greater
efficiency of placental mammals resulted. in the elimina-
tion of many marsupials, but in Australasia, protected
from the placentals by a water gap, marsupials under-
went adaptive radiation. A carnivorous marsupial, the
Tasmanian wolf (Thylacinus), filled an ecological niche
like that filled by the placental true wolf (Canis), and the
two are similar in shape, teeth, and habits.

In some cases organisms from two or more unrelated or
only distantly related lines show remarkable resem-
blances, a’'type of evolution called convergence. An ex-
cellent example is provided by marine reptiles and mam-
mals that became fishlike. Reptiles as a group of land ani-
mals evolved from fish through amphibians. Several lines
of reptiles have returned to the aquatic environment, and
one group, the Mesozoic ichthyosaurs (literally, “fish-
reptiles”), were fishlike in body shape and had dorsal and
caudal (tail) fins. During the Triassic, when the ichthyo-
saur line was radiating in the mariné environment, an-
other line of reptiles, the terrestrial synapsids, produced
the mammals. Several mammalian lines subsequently be-
came adapted to the marine environment. Dolphins and

‘porpoises especially, while preserving the basic mam-

malian characters, show close similarity to the fishes and
ichthyosaurs in. body shape and fins. Adaptation to a
predacious life in a similar medium, through natural se-
lection, resulted in this convergent evolution. In general,
parallel evolution is the result of similar selection pres-
sures on different but closely related forms. When not
closely related, the result is convergent evolution.

Drawing by M. Moran
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Figure 6: Convergence of the stem reptile.
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VH. The evolution of man
HOMINIZATION AND SEXUAL SELECTION

The evolution of man (hominization) shows some unique
features, though traceable to processes found in other
mammals (see MAN, EVOLUTION OF). Human ancestry be-
gan with small quadrupedal arboreal animals like the
tree shrews (Tupaiidae) about 60,000,000 years ago. That
man’s ancestors had tails is shown by the vestige of a tail
in the human embryo (representing the tail not of the
adult ancestor but of the ancestor’s embryo). Becoming
larger, primates next resembled the tarsier, developing a
vertical position of the trunk by clasping tree trunks with
the fore and hind limbs. The next stage was the acquisi-
tion of the habit of brachiation, swinging from branches
by the hands and moving in this way in forests, a habit
that left its mark in the wide thorax, flat back, legs in
line with the trunk, and almost universal joint of the arms
at the shoulders, which are very wide apart, in man.

The brachiating stage persisted a long time in apes, as
shown by the exaggerated lengths of their arms and the
inefficiency of the legs in walking, but man’s direct an-
cestors cannot have remained brachiators for long. They
did not adopt the specializations of the apes but evolved
a method of locomotion of their own, by taking to a ter-
restrial existence on the ground. These manlike primates,
the australopithecines, of about 3,000,000 years ago,
showed marked mosaic evolution. Some of their charac-
ters were purely apelike (small brain volume, massive
projecting jaws, large molar teeth) and other features
quite human (smooth, rounded forehead in juveniles,
teeth arranged in a semicircular arch, molars worn in a
way that showed the human method of chewing, arms
delicately built, hip girdle and thigh bones showing verti-
cal stance and gait). This upright posture supported solely
by the legs, freed the hands from locomotor duties, and
made possible their adaptation for manipulation.

These submen had a social structure (as have apes)
that was of fundamental importance for their descen-
dants. Although small, devoid of offensive structures like
tusks or horns, and slow movers, they relied on their
superior intelligence to enable them, in bands of 100 or
200 individuals, to outwit their enemies and to capture
their prey and gather food. They made and used simple
pebble tools. All these adaptations, particularly the in-
creased brain power, were the result of natural selection.
The australopithecines had conquered a new ecological
environment in which brain rather than brawn conferred
advantage, and they had no competitors. The result was
rapid increase in numbers and a high rate of variability,
which is seen in the number of different types of australo-
pithecines found in East Africa. A calculation of the
probable number of individuals in the population of
man’s ancestors 1,000,000 years ago, approximately the
time when these manlike apes were turning into apelike
men, has produced the figure of 125,000.

As human evolution continued along the same lines,
with increased brain size, neurological complexity, and
mental powers, the threshold of the genus Homo was
crossed by forms such as Java Man, Peking Man, Heidel-
berg Man, and many others, collectively known as pithe-
canthropines. It is now realized that their general similar-
ity to modern man makes it inadvisable to give them all
Linnean generic and specific names (which would imply
that they were intersterile), and they are included in the
species Homo erectus. From this arose men called nean-
derthaloids, because they were more generalized than the
later Neanderthal type (Homo neanderthalensis) and
more like modern man (Homo sapiens) to whom they
were doubtless ancestral.

The skulls of adult australopithecines (Paranthropus
and Australopithecus), pithecanthropines, and neander-
thaloids were apelike, with heavy brow ridges; but young
forms of these types (like the young chimpanzee) have no
brow ridges but instead a vertical forehead like an adult
modern man. This may be interpreted as due to the part
paedomorphosis has played in the evolution of man.

As compared with the great apes, which are the only re-
lated living forms with which he can be equated, modern

man shows such a marked retardation in the rate of de-
velopment that infancy, childhood, and adolescence oc-
cupy twice as long a time as in the apes. The features in-
volved include growth period, eruption of teeth, age of
puberty, and time of closure of sutures of the bones of
the skull. The human newborn is not only utterly help-
less but is almost in the condition of an ‘“‘extra-uterine
fetus,” born prematurely with a year to go before it at-
tains the anatomical and physiological condition of the
newborn ape. The adaptive value of the premature birth
is that the size of the brain and skull in man is so great
that if birth were delayed, the infant would not pass
through the bony ring of the mother’s pelvis. Retardation
of developmeni being of such imporiance in man, it
would be made of negative adaptive value if twin births
were normal, for there would be competition between the
twins for space and maternal blood supply, and the more
precocious would receive advantage. Such precocity is
contrary to the adaptive value of retardation in human
evolution, which has been helped by the simpler struc-
ture of the human uterus. This structure, with a single
chamber, increases the hazard of gestation for both fe-
tuses if there are more than one. This is why the normal
number in a human litter has been reduced to one.

Another biological principle operative in the evolution
of man and many other animals has been sexual selec-
tion. In its original form, this process was conceived as
the success of some males over others in obtaining mates,
because of striking structure, coloration, or behaviour,
and leaving more offspring than their less ornate rivals.
This undoubtedly has taken place in some forms, such as
the birds of paradise, and in man. It is a mistake to imag-
ine that this process implies attributing to the females of
non-human animals the power of aesthetic choice. The
importance of sexual selection lies in the raising of the
physiological state of sexual excitement in the female to
the level at which she accepts to mate. In man, sexual
selection has been mutual, intensified by the visual re-
sults of the adoption of the human mating position, con-
sequent on the acquisition of upright stance, and it has
affected the bodily distribution of fat, hair, and probably
the development of a melodious voice. Darwin related
how men of an African tribe choose their wives by lin-
ing them up and selecting the one who “projects most
a tergo” (behind). It is easy to understand how a female
could evolve features like those of the Paleolithic statu-
ette “Venus of Brassempouy” (a small obese figurine),
and later those of Venus de Milo.

There is a physiological function that has played a part
in the biological process of hominization. In man, as in
the great apes, the periodicity of ovulation and of female
sexual excitement controlled by the hormonic mecha-
nism of estrus has been succeeded by that of menstrua-
tion. Instead of being restricted by the periods of the
estrous cycle without any sexual activity in intervening
periods, mating can occur any time, a freedom of be-
haviour important for the social organization of man.

HUMANIZATION : PSYCHOSOCIAL EVOLUTION

The human newborn and child, utterly helpless for a con-
siderable time, is entirely dependent for its survival on
the care and skill of its parents. There is thus an overlap
of many years between the generations, during which the
development of the infant is not only protected but com-
pleted, and the parents are the most important factor in
the survival of their offspring. They are able to play this
role because the freedom of women from the sexual re-
strictions of the estrous cycle of lower mammals has
made monogamy acceptable to men, and the family be-
came a stable unit in society.

It is not only milk and, after weaning, other nourish-
ment that the infant receives. In addition to affection and
the psychological ties that bind mother and infant to each
other, the latter, in its family, and surrounded by social
stimuli, completes and perfects its own neurological
mechanism, in a sort of cultural matrix that continues on
a new and different plane the embryological development
that the fetus underwent in the womb. Lack of this cul-
tural matrix in early infancy leads to permanent mental
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incompleteness, as shown by the occasional wild children
brought up by female ammals and children sequestered
by inhuman parents.

The term inhuman in the last sentence is apt because it
is by means of the cultural matrix of the family that man,
hominized by natural selection, becomes humanized by
what Sir Julian Huxley has called psychosocial evolu-
tion. In addition to the ordinary physiological aspects of
child care, the infant becomes educated and slowly ac-
quires a knowledge of the world into which it has been
precipitated. At some stage in man’s evolution, the supe-
rior mental powers of the brain, evolved through natural
selection, gave him a wide range of abilities, all of which
have a social bearing. Speech enabled him to communi-
cate with his fellows, and reasoning enabled him to envis-
age deliberate aims; the patterns of flint implements
found even in the earliest Paleolithic levels are evidence
of the fact that a model was being followed for a purpose,
and for the first time on earth, teleological purpose made
its appearance. Reasoning produced experience, and
memory converted this into tradition, the handing on of
knowledge from person to person, most important, from
parent to child.
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Figure 7: Radiation of beak shape in Hawaiian
honeycreepers.

The fundamental difference between biological and
psychosocial evolution is that, whereas biological infor-
mation is transmitted automatically through the genes,
whose variations are exposed to natural selection, psycho-
social evolution does not involve biological heredity; it

has to be imparted fresh at the start of each generation, .

from parents to child. The child, therefore, starts its ef-
fective behaviour and learns to recognize and react to
wants, pains, satisfaction, and pleasure; it also begins to
learn objective lessons from the outer world. Instincts are
more or less sufficient to protect the young of animals
with a very short infancy from hatching or birth to adult-
hood, but human childhood is so prolonged that no in-
stincts could suffice to protect the child in the much more
variegated condition of its environment. This is why a
principle of authority acceptance by the child has con-
ferred survival value by lowering accident rate.

Another difference between biological and psychosocial
evolution is that, whereas the former is slow and has
taken over 3,000,000,000 years to produce man, psycho-
social evolution is alarmingly rapid and is accelerating.
It has taken only 10,000 years for man to pass from
bows and arrows to thermonuclear weapons, and the
production of the latter has taken only 20 years.

Finally, psychosocial evolution is the producer of civili-
zation. It has been selected in different directions in ac-
cordance with different ideologies, as may be seen by
comparing the policies of ancient Sparta with those of a
welfare state.

The most important difference between man and ani-
mals is his moral sense, and this presents difficult evolu-
tionary problems. He claims to be the only species to
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have behaviour patterns aiming at the welfare and good
order of society, in which he is less successful than lower
vertebrates with their hierarchical organization, known
as the “pecking order,” which regulates priorities in ac-
cess to females, food, and prestige, protected by natural
selection simply because it conduces to good order and
reduces casualties. This leads to the paradox that, despite
his claimed moral sense, man is the only species in the
animal kingdom that will perform wholesale massacres
of its own members; animals are protected from doing
this by innate behavioral control of aggression. Perhaps
it is because man is a recent species, lately descended
from australopithecines who owed their survival to ag-
gressive behaviour in bands, with all that that implies in
the way of mob psychology.

In view of this, it may seem premature to inquire how
moral conduct originated when it fails so lamentably,
but it nevertheless exists. Ethical behaviour develops in
the child, and it has evolved in societies during their his-
tories. Darwin believed that morals had also evolved
from simple prototype components in the behaviour of
lower organisms such as maternal affection and paternal
self-sacrifice, through the advantage to the community of
the social instincts of sympathy and the advantage that
they would confer, leading to the well-known golden
rule, “. . . whatever you wish that men would do to you,
do so to them.”

NATURAL SELECTION IN MAN

For all his professed civilization, natural selection con-
tinues to act in man, but with restrictions imposed by eth-
ical standards. Medicine saves the lives of ill persons, sur-
gery through Cesarian section enables birth to take place
artificially, with the result that the genotypes whose phe-
notypes would not survive without these artificial aids are
preserved and perpetuated.

It has been said that modern man is so far removed
from “nature” that if he were plunged back into Paleo-
lithic conditions he would perish quickly. On the other
hand, Paleolithic man would not survive long in modern
civilized conditions either, for he would succumb at once
to epidemics to which modern man is fairly well adapted
as part of his adaptation to living in highly populated
towns. When, in Neolithic times, man started to live in
crowded sedentary dwellings, with problems of sewage
disposal, and closely associated with domestic animals,
he became a prey to diseases caused by internal parasites,
bacteria, and viruses, scourges from which the small rov-
ing bands of Paleolithic men must have been free, espe-
cially as concerns killer viruses that would have de-
stroyed themselves as well as their victims, which were
their only condition for continuance. These viruses orig-
inated in domestic animals, in which they (and their
hosts) became adapted so as not to cause death.

There is another sanction that natural selection hangs
over man’s head. He is the only species that has broken
out of ecological control of the birthrate, which in ani-
mals and Paleolithic man was kept down to the scale at
which the territory occupied by each breeding unit lim-
ited the food supply available for young and adults.

VIIL. Social evolution
SOCIOLOGY BEFORE DARWIN

The state of opinion on social questions in the 18th cen-
tury was unpolarized. The Age of Enlightenment, largely
the work of French speculative philosophers, envisaged
the perfectibility of man, but the traditions of society and
the precepts of theology prevented wide appreciation of
the problems of sociology, which received a further de-
terrent from the excesses of the French Revolution. In
1795 appeared the French social thinker Marquis de
Condorcet’s Sketch for a Historical Picture of the Prog-
ress of the Human Mind, in which he distinguished nine
epochs in the history of man, from the pastoral state to
that of Liberty, Equality, and Fraternity that the Revolu-
tion had brought about. Each epoch passed to the next by
jettisoning theological, social, and moral “prejudices”
that had impeded progress. This was an optimistic exam-
ple of conjectural history, and not the last.
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Appalled at the ravages of the guillotine and terrified
that the progress of the ungodly might establish a bridge-
head in Britain, two clergymen set themselves the task of
stemming it. Malthus endeavoured to show that man was
unimprovable and that if the population increased too
fast the poor would suffer famine and death and if too
slowly the poor would have no incentive to work. It fol-
lowed that medicine was antisocial and charity an “eco-
nomic sin.” Paley, in his Natural Theology, tried to show
that adaptation implied a divine designer; his examples
served Darwin as a catalogue of the products of natural
selection. It is one of the great ironies in the history of
ideas that Malthus and Paley, who did not believe in evo-
lution, provided Darwin with exactly what he required to
produce a successful theory, the reverse of their aims.

Meanwhile some Scottish philosophic historians had
made conjectures on the economic stages in human his-
tory: hunting, pastoral, agricultural, and commercial,
which are interesting to compare with the conjectural
stages put forward by Marxists. The Scottish philoso-
phers also used the method of comparison between exist-
ing savage tribes and hypothetical early stages of civiliza-
tion to trace its conjectural development: an acceptance
of the possibility of evolutionary change.

In 1797 John Frere found flint implements in Suffolk
and concluded that they had been “used by a people who
had not the use of metals.” In 1819 a Danish archaeolo-
gist, Christian Thomsen, coined the terms Stone Age,
Bronze Age, and Iron Age to denote successive stages in
human prehistory. In 1846 a French antiquarian, Jacques
Boucher de Perthes, founded prehistoric archaeology by
his discoveries of flint implements.

Speech is a human attribute, and its study has revealed
evolutionary possibilities. The English Orientalist Sir Wil-
liam Jones showed in 1786 that there were similarities
between Sanskrit, Greek, and Latin that could only be
explained if these languages had descended from an orig-
inal language, perhaps dead. This hypothesis was con-
firmed and extended in 1816 by a German philologist,
Franz Bopp, who introduced the term Indo-European to
include the whole family of languages related to Sanskrit.

Auguste Comte, a follower of Condorcet and pioneer
of philosophical positivism, gave an impulse to sociology
conceived as a science or “social physics,” excluding re-
vealed religion and substituting humanism and ethics,
based on history and aimed at improvement of human
conditions. A great influence in social studies was Herbert
Spencer, tireless exponent of evolutionary philosophy,
who in 1852 published his belief in evolution, under the
title of “The Development Hypothesis.” This was based
not on analysis of scientific evidence but on the reductio
ad absurdum of alternative explanations.

All of these developments took place before 1859 and
therefore without knowledge of Darwin’s work. The
study of sociology has frequently been concerned with
what has been called “Social Darwinism,” an attempt to
consider human social interactions in terms of the strug-
gle for existence. Sociology owes nothing to Darwin.

SOCIOLOGY AFTER DARWIN

The mechanism of natural selection, when taken out of
its proper biological context by nonbiologists and made
to apply to sociology, has had unfortunate results. Spen-
cer, who coined for natural selection the unlucky phrase
survival of the fittest (tautological and inaccurate), used
it for his contention in favour of radical laissez-faire (un-
controlled) private enterprise, which should properly be
called “social Spencerianism,” applying the struggle for
existence to individuals in society. Such views were wide-
ly held in the United States, where American clergyman
Henry Ward Beecher wrote to Spencer, “The peculiar
condition of American society has made your writings
far more fruitful and quickening here than in Europe.”
Following his thesis to lengths of excess, Spencer extrap-
olated from the organic evolution of individuals to the
“super-organic evolution” of societies of individuals, on
the view that society was an organism.

Conversely, at the hands of Karl Marx, natural selection
was made to serve as a “scientific” justification for the

class war. In both cases the mistake was to imagine that
a biological principle that works on organisms in nature
can be made to apply to societies of men. In his naive
way, devoid of any historical sense, Darwin expressed
this fact whimsically when he wrote to Baron von Scher-
zer, “What a foolish idea seems to prevail in Germany on
the connection between Socialism and Evolution through
natural selection.”

EVOLUTIONARY GENETICS OF SOCIETY

It has been shown by English geneticist C.D. Darlington
that studies in prehistory, history, and genetics make pos-
sible a sketch of the evolutionary origins of the genetic
patterns of society. The important peint is that without '
genetic diversity, resulting from crossbreeding, heritable
variation is limited, adaptability to changed conditions is
reduced, and survival of the population is precarious.
Human societies have had to strike a balance between in-
cestuous inbreeding, against which horror has generally
prevailed because of its disastrous genetic results (accen-
tuation of deleterious traits), and excessive outbreeding,
which would impair the cohesion of the social unit.

In the Paleolithic expansion, groups were small, with a
simple breeding pattern. The Neolithic expansion in-
volved the spread of socially undifferentiated groups of
matriarchal agriculturists and patriarchal herdsmen.
Their rapid increase in numbers, added to by mixtures of
populations, resulted in increased genetic diversity, in the
Bronze Age; and by the social differentiation resulting
from the discovery of metals, castes of metal smiths, war-
riors, priests, and scribes arose, claiming possession of
professional secrets and tending to breed among them-
selves. Peasants, original mainstays of Neolithic societies,
remained at the bottom of the social scale, where they
have been ever since.

The stratification of societies into classes, each special-
ized for particular occupations, is traceable to internal
differentiation, mixing of populations, or forcible capture
and incorporation of slaves. In India the castes originated
in an (unsuccessful) attempt by the Brahmins to breed
men genetically adapted to their different occupations.
To this end they divided the invading Aryan and the in-
vaded populations into a large number of groups, each
internally bound by rules of religious purity affecting diet
and marriage, cooperating but never interbreeding with
other groups. This class separation was combined with
national unity, but at the genetic cost of reduction of the
benefits of genetic diversity. The result has been that Hin-
du society has changed less than any other. Elsewhere,
particularly in the China of Confucius, the possibilities
of promotion and demotion to different levels in the so-
cial scale, favouring gene diffusion, has safeguarded those
benefits, and new social structures arose.

EUGENICS

It was assumed by the English scientist Francis Galton,
who believed in the hereditary nature of intelligence, that
matings between parents possessed of especially favour-
able heredities would improve the genetic legacy of so-
ciety, while the converse would deteriorate it. This no-
tion, traceable to Plato, became the aim of a eugenics
movement, launched in 1883. There are two approaches:
positive eugenics, the enhancement of desirable charac-
ters through favourable matings, and negative eugenics,
the suppression of deleterious genes by preventing their
possessors from breeding. More recently some geneticists
have stressed what American geneticist Hermann J. Mul-
ler called the “duty on the part of individuals to exercise
their reproductive function with due regard to the benefit
or injury thereby done to society.” They have then gone
on to suggest that sperm banks, supplied by outstanding
men, and subsequent artificial insemination would not
only allow of progeny testing but produce more men of
genius. This program of positive eugenics suffers from
the fact that the segregation and recombination of genes
means that outstanding fathers may have inferior chil-
dren and that the mother is as important as the father in
transmitting genes. Sociologically, nobody is agreed on
the qualities the ideal mass inseminator should have.



Negative eugenics suffered from ignorance of the action
of the gene complex (see above) in suppressing the effects
of disadvantageous genes, which invalidates the “scien-
tific Calvinism” that supposed the impossibility of parents
carrying unfavourable recessive genes producing any but
socially undesirable progeny. Negative eugenics there-
fore has only limited acceptability. It would nonetheless
be inadvisable for a person whose family contained a
case of xenoderma pigmentosum- (face cancer) to marry
a freckled partner, especially a near relative, for fear of
carcinoma in the offspring. The same prudence applies to
families connected with hemophilia.

IX. The acceptance of evolution

Evolution is accepted by all biologists and natural selec-
tion is recognized as its cause by English-speaking biolo-
gists and others, though not widely in western continental
Europe. Objections to evolution have come from theolog-
ical and, for a time, from political standpoints.

Darwin did two things: he showed that evolution was a
fact contradicting scriptural legends of creation and that
its cause, natural selection, was automatic with no room
for divine guidance or design. Furthermore, if there had
been design, it must have been very maleficent to cause
all the suffering and pain that befall animals and men. In
1860 T.H. Huxley demolished the arguments of Bishop
Samuel Wilberforce. In the famous “monkey trial” con-
viction of schoolteacher John T. Scopes in 1925, a Ten-
nessee law banning the teaching of evolution was upheld,
but years later, in 1968, the United States Supreme Court
ruled that anti-evolution laws were unconstitutional.

The Vatican leaves open the question of the evolution
of man’s body, provided it be believed that the body was
derived from other living matter, that all mankind is de-
scended from one pair (Adam and Eve), that man’s soul
was created by God, and that evolution took place under
the dispensation of Divine Providence. Science cannot
comment on the soul, but the other provisos are unac-
ceptable to evolutionary biologists. ~

Political obstacles to scientific acceptance of evolution
were for a time erected in Russia, where the ideological
insistence that all characters are determined by the en-
vironment led to the stigmatizing of Mendelian genetics
as bourgeois, metaphysical, reactionary, and leading to
religion. The Soviet agronomist T.D. Lysenko attacked
Darwin’s theory as “metaphysical at base” and nothing
but “flat evolutionism” because it worked so slowly.
Lysenko contended that wheat plants produce seeds of
rye and that cuckoos lay no eggs of their own but make
foster parents’ eggs grow into cuckoos. These views are
now disregarded in the Soviet Union-and elsewhere.

In more than a century.since the appearance of Dar-
win’s Origin of Species, the science of evolution has an-
swered many questions and raised many more. Although
new information frequently forces a re-examination of
certain aspects, such as the rate of evolutionary change
or the availability of genetic variation within populations,
the main body of the synthetic theory of evolution re-
mains firmly established.
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Economic life does not stop at national boundaries but
flows back and forth across them. The money of -one
country, however, cannot as a rule be used in another
country; the flow of payments must be interrupted at
national boundaries by exchange transactions in which
one national money is converted into another. These
transactions serve to cover payments so long as there is a
balance between them: local money can be exchanged
against foreign money only insofar as there is a counter-
balancing offer of foreign money in exchange.
This article is organized as follows:
I. Foreign exchange markets
Equilibrating movements
Arbitrage
Short-term movements
Forward exchange
Disequilibrating movements
Covering
Hedging
Speculation
Proposals for more flexible rates
Freely floating rates
Flexible rates with official intervention
Crawling peg
II. Balance of payments accounting
The current account |
The capital account
Long-term flows
Short-term flows
Assessing the balance
IIL. Adjusting for fundamental disequilibrium
The classical view
Contemporary views
Monetary and fiscal measures
Incomes policy
Devaluation and revaluation
Trade restrictions
Restrictions on capital exports
IV. International cooperation
The International Monetary Fund
Drawing rights
The scarce currency problem
Other efforts at financial cooperation
The Group of Ten
The Basel Group
The oECD
Swap agreements
V. International reserves
Gold and reserve currencies
Special Drawing Rights
V1. The system of floating rates
The crisis of the dollar
The Smithsonian Agreement and after
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The
buying and
selling of
currencies

In the Soviet Union and other countries with the Soviet
kind of economic planning, there are no legal markets
for foreign exchange; in those countries the state has a
monopoly of the business of foreign trade, which is gen-
erally conducted through formal -agreements on a coun-
try-by-country basis. While the currencies of the Com-
munist countries have official par values in terms of gold,
these bear no particular relationship to their purchasing
power or to the prices at which goods are exchanged. The
international economic relationships of those countries
therefore fall outside the scope of this article; they will
be found elsewhere in discussions of international trade
and economic planning.

I. Foreign exchange markets

A foreign-exchange market is one in which those who
want to buy a certain currency in exchange for another
currency and those who want to move in the opposite
direction are able to do business with each other. The
motives of those desiring to make such exchanges are
various. Some are concerned with the import or export
of goods between one country or currency area and an-
other, some with the purchase and sale of services. Some
wish to move capital from one area to the other, and
some wish to ‘make gifts (the latter including govern-
ments, emigrants, and charitable foundations).

In any organized market there must be intermediaries
who are prepared to “quote a price,” in this case a rate of
exchange between two currencies. These intermediaries
must move the price quoted in such a way to permit them
to make the supply of each currency equal to the demand
for it and thus to balance their books. In an important
foreign-exchange market the price quoted is constantly
on the move.

A foreign-exchange market usually (but not always)
differs from other organized markets—e.g., those for
commodities or securities, in that there is a standard,
government-determined price at which one currency ex-
changes for another, called the “parity.” There is usually
no parity price for a commodity such as cotton unless
some special arrangement has been made. The actual
price quoted in a foreign-exchange market normally de-
viates from the parity price within moderate limits.

As between two countries (or currency areas, when

several countries use the same currency), both on the
gold standard, the parity is determined by the official gold
content of the respective currencies. For many centuries
there was also what almost amounted to a parity between
gold-standard and silver-standard currencies, because of
the fact that a number of countries operated what was
called a bimetallic standard, under which the value of
gold was fixed by law in terms of silver. The parity be-
tween a gold-standard currency and a silver-standard
currency had a slightly blurred character because of the
fact that not all the bimetallic countries had identical
laws in regard to the silver value of gold. Though it may
be paradoxical, these laws were effective for many cen-
turies in fixing the silver value of gold in the free markets
of the world. The bimetallic system was given up by
those still adhering to it (the U.S., France, Italy, Switzer-
land, Holland, and Belgium) in 1873. Thereafter there
was no parity of exchange between countries on the gold
standard and countries on the silver standard.

EQUILIBRATING MOVEMENTS

If the demand by those holding a particular currency,
say sterling, for another currency, say the dollar, exceeds
the demand of dollar holders for sterling, the dollar will
tend to rise in the foreign-exchange market. Under the
gold-standard system there was a limit to the amount by
which it could rise or fall. If a sterling holder wanted to
make a payment in dollars, the most convenient way
for him to procure the dollars would be in the foreign-
exchange market. But under the gold standard he had
another option; i.e., he had a legal right to obtain gold
from the authorities in exchange for paper currency at
the established par value of that currency and remit the
gold to the other country, where he would have a legal

right to obtain its currency in exchange for bars of gold
at the official valuation. Thus it would not be advanta-
geous for a sterling holder to obtain dollars in the for-
eign-exchange market if the quotation for a dollar there
exceeded parity by more than the cost of remitting gold.
The foreign-exchange quotation at which it became
cheaper to remit gold rather than use the foreign-ex-
change market was known as the “gold-export point.”
There was also a “gold-import point” determined on
similar lines.

Arbitrage.
dertake to remit gold even if the dollar quotation was at
the gold-export point. The remission of gold was handled
by arbiiragers, who engaged in buying and selling cur-
rencies simultaneously on different exchanges in order to
profit by small differences in the quoted rates. Their ac-
tion would reduce the supply of sterling, since they would
be selling sterling for gold to the British authorities, and
increase the supply of dollars, since they would acquire
dollars in exchange for gold from the U.S. authorities.
The arbitragers would carry out these operations to the
extent needed to prevent the scarcity of the dollar from
raising its sterling price above the gold-export point for
the U.K., and conversely. At the same time, the gold re-
serve of the British authorities would be diminished, and
the gold reserve of the U.S. authorities increased.

Before 1931 the majority of countries were on the gold
standard. In 1931 Great Britain departed from it, as did
some other countries, including those of the British
Commonwealth, the Scandinavian countries, and a num-
ber of others. These were countries maintaining a fixed
parity of exchange with sterling.

After World War II most countries returned to what
may be called a modified form of the gold standard. It
resembles the gold standard in that each country estab-
lishes a legal gold valuation for its currency. This valu-
ation is registered with the United Nations’ International
Monetary Fund (see below). The gold valuations serve
to determine parities of exchange between the different
currencies. It is also possible, as under the old gold
standard, for the actual exchange quotation to deviate
somewhat on either side of the official parity. There is
agreement with the International Monetary Fund about
the range, on either side of parity, within which a cur-
rency is to be allowed to fluctuate.

But there is a difference in the technical mode of op-
eration. The service of the arbitragers in remitting physi-
cal gold from country to country as needed has been dis-
pensed with. Instead the authorities are under an obliga-
tion to ensure that the actual exchange rates quoted
within their own territories do not go outside the limits
agreed upon with the International Monetary Fund. This
they do by intervening in the markets of their own terri-
tories. If, for instance, the dollar is in short supply in
London, the British authorities are bound to supply dol-
lars to the market to whatever extent is needed to keep
the sterling price of the dollar from rising above the
agreed-upon limit. The same is true with the other cur-
rencies of the members of the International Monetary
Fund who are discharging their obligations. Thus the
obligation of the monetary authorities to supply the cur-
rency of any Fund member at a rate of exchange that is
not above the agreed-upon limit has taken the place of the
obligation under the old gold standard to give actual gold
in exchange for notes.

It would be inconvenient for the monetary authorities of
a country to be continually watching the exchange rates
in its market of all the different currencies. Most authori-
ties have confined themselves to watching the rate of
their own currency against the dollar and supplying
from time to time whatever quantity of dollars may be
required. At this point the arbitragers come into service
again. They can be relied upon to operate in such a way
that the exchange rates between the various currencies
in the various foreign-exchange markets are kept mutu-
ally consistent. This use of the dollar by many monetary
authorities has caused it to be called the currency of
“intervention.”

The
modified
gold
standard
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The official fixing of exchange rates as limits on either
side of parity, outside of which exchange-rate quotations
are not allowed to fluctuate, bears a family resemblance
to the gold points of the old gold-standard system. The
question naturally arises why, in devising a somewhat
different system, it was considered desirable to keep this
range of fluctuation. In the old system it arose necessarily
out of the cost of remitting gold. Since there is no cor-
responding cost in the new system, why did the authori-
ties decide not to have a fixed parity of exchange from
which no deviation would be allowed? The answer is that
there is convenience in having a range within which fluc-
tuation is allowed. Supply and demand between each pair
of currencies will not be precisely equal every day. There
will always be fluctuations, and if there were one rigidly
fixed rate of exchange the authorities would have to sup-
ply from their reserves various currencies to meet them.
In addition to being inconvenient, this would require
each country to maintain much larger reserves than
would otherwise be necessary.

Short-term movements. Commercial banks and other
corporations involved in dealings across currency fron-
tiers are usually able to see some (but not necessarily
all) of their needs in advance. Their foreign-exchange
experts will watch the course of the exchanges closely
and, if a currency is weak (i.e., below parity), will advise
their firms to take the opportunity of buying it, even if
somewhat in advance of need. Conversely, if the cur-
rency is above parity but not expected to remain so in-
definitely, they may recommend postponing purchases
until a more favourable opportunity offers. These adjust-
ments under the influence of common sense and self-
interest have an equilibrating influence in foreign-ex-
change markets. If a currency is temporarily weak, it
is presumably because of seasonal, cyclical, or other fac-
tors. If on such an occasion private enterprise takes the
opportunity to buy the currency while it is cheap, that
tends to bring demand up to equality with supply and re-
lieves the authorities from the need to intervene in order
to prevent their currency from falling below the lower
point whenever there is a temporary deficit in the balance
of payments. The usefulness of such private movements
of funds assumes complete confidence in the currency.
(The question of deep-seated imbalances not due merely
to temporary causes is deferred to a later section.)

Another equilibrating influence arises from the move-
ments of short-term interest rates. When the authorities
have to supply foreign currencies in exchange for-the
domestic currency, this causes a decline in the money
supply in domestic circulation—unless the authorities
deliberately take offsetting action. This decline in the
money supply tends to raise short-term interest rates in
the domestic money market. This will bring an inflow
of money from abroad to take advantage of the higher
rates or, what amounts to the same thing, discourage for-
eigners from borrowing in that country’s money market
since borrowing will have become more expensive. Thus,
the interest-rate differential will cause a net movement of
short-term funds in the direction required to offset the
temporary deficit or, in the opposite case, to reduce a
temporary surplus that is embarrassing to others. It must
be stressed again that this interest-rate mechanism implies
complete confidence that the parity will not be altered in
the near future.

The helpful movement of interest rates may be rein-
forced by action of the monetary authorities, who by ap-
propriate open-market operations may cause short-term
interest rates to rise above the level that they would have
attained under market forces and thus increase the
equilibrating movement of short-term funds. The Bank
of England provided the most notable example of the
smooth and successful operation of this policy during
many decades before World War I.

Forward exchange. The transactions in which one
currency is exchanged directly for another are known as
“spot” transactions. There can also be “forward” trans-
actions, consisting of contracts to exchange one currency
for another at a future date (e.g., three months ahead)
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but at a rate fixed on now. For instance, a German firm

may have a commitment to pay a U.S. firm in dollars in"

three months’ time. It may not want to take the risk that
the dollar will rise relatively to the mark during the three
months, so that it would have to surrender more marks
in order to honour its commitment. It could of course
buy the dollars right away and thus obviate this risk, but
it may not have any spare cash and borrowing may be
inconvenient. The firm has the alternative of buying dol-
lars at a rate agreed upon now for which it does not have
to surrender marks until three months have passed. Some
firms have a regular routine procedure for covering all
future commitments to be paid for in a foreign currency
as soon as these are entered into. Of course, even a firm
that does this may combine its routine procedure with a
little judgment (e.g., if there are good reasons for believ-
ing that the foreign currency will become cheaper during
the relevant period). And firms with multinational com-
mitments will vary the distribution of their assets among
different currencies in accordance with changing condi-
tions. The forward-exchange rate will, like the spot rate,
be continually varying. It is not usually identical with
the spot rate but in normal times has a regular relation
to it. This relation is determined as follows.

Dealers in forward exchange usually balance their com-
mitments; e.g., a contract to deliver forward marks can
be offset against one to deliver forward dollars, and
nothing more has to be done about it. If a particular
dealer cannot manage this he will be in communication
with another who may be in the opposite position. It may
not, however, always be possible to offset every trans-
action. If this is not done, the dealer must make a spot
purchase of the currency—say marks—in excess demand
in the forward market. If he did not do this he would risk
an exchange loss on some of his forward transactions.
For the purpose of evaluating the forward-exchange rate
to be asked in a particular deal, it is always correct to
suppose that the deal is one that cannot be offset. If the
dealer has to purchase marks on the spot, he can earn the
rate of interest prevailing in Frankfurt until the time
comes when he has to deliver the marks. Whether this is
advantageous or not depends on whether the rate of
interest in Frankfurt is higher or lower than that in New
York. If it is higher in Frankfurt the dealer will normally
quote a rate per forward mark that is lower than the spot
rate; but if the rate of interest in Frankfurt is lower,
then the forward mark will normally stand above the
spot mark to compensate the dealer for having to employ
his liquid funds in a less remunerative market. When the
relation of the forward rate to the spot rate is determined
by a comparison of the short-term interest rates in the
two centres in the manner just described, the forward rate
is said to be at “interest parity.”

The question arises as to what particular interest rates
are used to calculate the interest parity. There is a variety
of practice. In previous times the rate of interest on U.S.
Treasury bills and the rate of interest on British Treasury
bills were used to determine the interest parity of the
sterling price for forward dollars. More recently the
interest rates on Eurodollars and Eurosterling have been
used—i.e., the interest on dollar and sterling accounts
held by European banks (see below).

In normal times arbitrage may be expected to hold for-
ward rates to their interest parities. There have been
times, and even rather prolonged periods, in which the
forward rate for a currency has fallen below (or risen
above) its interest parity. This may happen when there
is a large one-way movement of funds (e.g., when there is
a lack of confidence in a particular currency). In some
cases, such as a simultaneous multiple swapping of cur-
rencies, the arbitrager does not have to commit any funds,
but in forward arbitrage funds have to be committed for
a period of three months. It is true that an arbitrager who
had bought three months’ sterling could resell the sterling
before the three months had elapsed, but if he did so he
might have to accept a loss. If the one-way movement is
very heavy there may be a shortage of funds available
for forward arbitrage. Nonetheless the demand for for-

Forward
rates
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ward sterling has to be kept equal to the supply of it,
and if there is insufficient arbitrage for this purpose then
a positive profit has to appear on the purchase of for-
ward sterling—i.e., its price has to fall below the interest
parity.

If dealers in a forward currency cannot offset contracts
for sale with contracts for purchase and find an excess of
customers wishing to sell, the excess supply causes im-
mediate pressure on the spot market, since arbitragers
and others who supplement the forward demand for the
weak currency must cover their positions by selling an
equivalent amount spot. The only way in which the au-
thorities can prevent an excess offer of their currency
forward from causing an iminediate drain on their re-
serves is by offering to buy it forward themselves, with-
out simultaneously selling it-spot. British authorities en-
gaged in such operations during the period when sterling
was weak, and similar operations have been conducted by
other central banks in connection with the swap agree-
ments for mutual accommodation to be described below.

The foregoing descriptions of the equilibrating move-
ments of short-term funds do not apply when there is a
serious lack of confidence that a given parity will be
maintained. Occasions of lack of confidence have oc-
curred much more frequently under the modified gold
standard (International Monetary Fund) than they did
under the old gold standard. The reason for this is sim-
ple. Under the old gold standard it was not expected that
a country of good standing would alter the gold valu-
ation of its currercy (although in much earlier days “de-
basement” was common enough). A devaluation of the
official gold content was regarded as not far removed
from a declaration of bankruptcy, and it was assumed
that a country would avoid it at all costs and in all times
short of a major war or revolution. Under the Interna-
tional Monetary: Fund this position has been altered
quite deliberately. When a country’s payments are in
“fundamental disequilibrium,” it may propose a change
of parity. The reason why this remedy was proposed at
the Bretton Woods Conference (1944), which set up the
International Monetary Fund, was that it was thought
to be better than alternative remedies, such as domestic
deflation.

DISEQUILIBRATING MOVEMENTS

Whatever the merits from a long-term point of view, the
idea that it is quite respectable for a country to alter the
par value of its currency in certain circumstances has had
disturbing effects on the movements of short-term funds
—effects that may not have been clearly foreseen at the
time of Bretton Woods. Such movements of funds have
sometimes been very large indeed. These movements are
not equilibrating, like those described in relation to a
parity in which there is confidence; on the contrary, they
are disequilibrating. If a currency becomes weak—i.e., if
the demand for it falls below the supply—this may give
rise to the idea that the authorities having the weak cur-
rency may in due course decide to devalue it, as they are
perfectly entitled, under International Monetary Fund
principles, to do.

Covering. Foreign-exchange advisers to corporations
have to watch for such possibilities and should propose a
readjustment of assets entailing a movement out of the
weak ‘currency. It is not necessary that there should be,
on an objective assessment, a probability that the cur-
rency in question will be devalued—i.e., that there should
be more than a 50 percent chance that it will be devalued.
To provoke a disequilibrating movement of funds it is
enough that there should be a small chance only—i.e.,
much less than 50 percent—that it will be devalued. In
strict theory, funds should be moved out of a given cur-
rency whenever the probability that it will be devalued
outweighs the cost of moving the funds (e.g., the cost of
selling the suspect currency forward at a discount).

If a firm or its affiliate has foreseeable commitments to
make payments in a currency other than that of the area
in which it operates, it may think it wise to “cover” its
position by buying the currency at once, in either the spot

or the forward market. Covering may take other forms
also. If a contract to pay abroad is in the currency of the
home country—i.e., the paying country—then the pros-
pective foreign receiver of these funds will have to con-
sider whether he should not cover his own position by
selling the currency of the paying country forward. Pay-
ments in the opposite direction have also to be con-
sidered. If these are in the currency of the home country,
the foreigner due to make the payment will consider
whether he should cover his position by buying the cur-
rency of the home country forward. If the payment is in
the foreign currency, then the firm in the home country
due to receive it will consider whether to cover itself by
selling the foreign currency forward. Thus, there are four
main classes of covering. In normal times it is probable
that not all positions are covered in these four ways, al-
though it is not impossible that they should be.

If a suspicion arises that a particular currency, say that
of the “home” country, may be devalued, then the posi-
tion is radically changed. The following arguments apply
in reverse to the case when it is believed that a particular
currency may be valued upward. It is necessary to go
through the four classes of cases. Members of the home
country who normally cover their commitments to make
payments in a foreign currency would clearly continue
to do so. And those, if any, who do not habitually do so
would be strongly advised to do so when there is a possi-
bility that the home currency may be devalued. To take
the second case—that of outward payments to be made
in the home currency—the same applies: foreigners who
normally sell it forward should continue to do so, and
those who do not normally sell it forward would be
strongly advised to do so lest the currency be devalued
before the payment is made. Coming to the payments
due in to the home country, in the case of those to be
made in the home currency, the foreigners who normally
cover themselves by buying forward or spot should be
advised to cease doing so immediately, since they may get
the currency cheaper before the payment has to be made.
Thus in this case the fear of devaluation causes those
concerned to stop covering their positions. The same ap-
plies to inward payments to be made in foreign cur-
rencies; residents of the home country would be advised
to cease from such covering, since in the interval their
currency may be devalued, and therefore it would be
foolish to sell the foreign currency due to come in ad-
vance of payment.

Thus the prospect of devaluation may cause both addi-
tional covering and uncovering. Both types of change are
adverse to the currency under suspicion. It is notable that
the total value of the appropriate covering plus that of
the uncovering when a currency becomes suspect is inde-
pendent of the proportion of positions that are normally
covered. If all positions are normally covered then the
adverse effect will consist of an uncovering of about half
of all positions. If all positions are not normally covered,
then the adverse effect will be equal to the sum of the
amount of extra covering and the amount of uncovering.
The movement of funds under these heads can be very
large in relation to a country’s normal balance of incom-
ing and outgoing payments. It makes no difference
whether the changed action by the firms relates to the
spot or to the forward markets. This is because, when
there is a big one-way movement in the forward market,
the whole of it is thrown, through the actions of the deal-
ers, arbitragers, etc., onto the spot market.

Hedging. Whereas the word covering relates to pay-
ments foreseen or possible, the term hedging is used for
operations related not to prospective payments but to
existing assets. Thus, a non-British firm may need to have
a sterling balance for an indefinite period ahead. It may
think it desirable in this case to protect its position
against the possibility of sterling being devalued in the
near future by selling sterling forward at the existing
quoted rate. If sterling is devalued before the forward
contract matures, the operator will get a foreign currency
—say the franc—at the old rate and can rebuy sterling at
a cheaper rate. The profit that he makes recoups him for
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the loss in the franc value of his sterling due to the.de-
valuation. If there is no devaluation he can renew his
hedge at the date due, if sterling is still suspect, or he can
terminate it without loss except for the actual cost of the
hedging transaction.

An even more important use of hedging is to protect
the international value of real assets such as securities,
real estate, industrial buildings and plants, etc. If a non-
British person conducts business and has assets in Britain,
he may think it wise to protect the international value of
these assets by selling a certain amount of sterling for-
ward. A devaluation, if it occurs, will reduce the foreign-
exchange value of the sterling assets; but the profit that
the owner makes from selling sterling forward and buy-
ing it back at a cheaper rate will be an offset to this loss.

Speculation. The movements so far considered are of
a precautionary nature. It is sometimes suggested, when
there is a big movement of funds out of a currency, that
those prompting it are actuated by some motive hostile
to the suspect currency. This is usually quite wrong. Such
large movements of funds are often referred to incor-
rectly as “speculative.” This gives a false impression of
what is happening. Speculation can, and often does, oc-
cur when a currency becomes suspect; but the word spec-
ulative should be confined to movements of funds made
not to protect positions but purely in the hope of gain. A
person may believe that the Deutsche Mark is likely to
be valued upward and decide to buy Deutsche Marks,
not because he has any commitments denominated in
Deutsche Marks but because he wants to resell them af-
terward at a profit. He will probably buy the Deutsche
Marks forward. Such speculation plays only a minor role
in the big movements of funds in anticipation of a change
of parity. It may, however, mount up very strongly in
the last stages when an upward or downward revaluation
has become almost certain.

A big outward movement of funds may precipitate a
change of parity, desirable or undesirable in itself, simply
because there are not enough reserves to finance the with-
drawals. Even if the country in trouble is assisted by in-
ternational credits (see below), in certain cases these
may not be large enough to avert the need for devalua-
tion. A great movement of funds from a particular coun-
try may occur because it is thought likely that it will have
to devalue. There may also be a great movement into a
country thought likely to value upward. The latter kind
of movement will cause difficulties for other countries,
since the funds must come from somewhere. This adverse
effect may be concentrated on one other currency, as in
the classic crisis centred on a possible upward valuation
of the Deutsche Mark in November 1968, where the
drain was mainly from the French franc; or it may be
more widely diffused, as in the crisis of the mark in ’S,ep-
tember 1969.

PROPOSALS FOR MORE FLEXIBLE RATES

When the inconveniences of the International Monetary
Fund system, by which exchange rates can be adjusted
from time to time, began to become evident, proposals
were made to obtain the same result in a different way by
having continuously flexible exchange rates.

If exchange rates were continually on the move, instead
of being changed only on comparatively rare occasions,
the movements would not provoke the large anticipatory
shiftings of funds that have proved so inconvenient.

Freely floating rates. One proposal was to abolish any
fixed parity, even a temporary one, and let rates move
under the free-market influence of supply and demand,
just as the prices of commodities do in an organized
market. Such a system would relieve the authorities of all
responsibility for interfering in the process of exchange-
rate fixing and leave the whole business to market forces.

Critics argue that the system would have serious disad-
vantages. At any time there are likely to be discrepancies
in the balance between supply and demand owing to sea-
sonal, cyclical, and random causes. Under any system of
(permanently or temporarily) fixed rates in which there
is complete confidence, very small movements in a rate
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cause helpful movements of funds of an equilibrating
kind. On the other hand, when there is no fixed rate and
no bottom limit, a small movement in the rate will not
attract as large an equilibrating movement of funds. But,
if there is a temporary deficit of a certain amount, as a
result of the seasonal, cyclical, or random causes, some
equilibrating movement is needed. To secure this under
floating rates a larger downward movement will be re-
quired in order to attract the funds. Thus this system en-
tails a larger oscillation in the actual market rate than
would occur under the system in which there are fixed
limits. Even if foreign-exchange advisers are able to form
an objective and accurate judgment of what the long-run
equilibrium rate is, an excessive oscillation will still be
needed to induce the movement of funds. But such oscil-
lations are detrimental to international trade and inter-
national investment. .

Some carry the argument further. They . hold that
foreign-exchange advisers have shown themselves to be
unduly influenced by irrelevant events and somewhat er-
ratic in their judgment. To the extent that this might be
so, still larger oscillations would be required in the actual
rates to get the necessary movement of funds.

Flexible rates with - official intervention. The idea of
freely floating rates implies that the authorities will not
meddle in the market. But most authorities will want to
secure as much stability as possible. If there should be a
downward movement that the authorities know to have
been caused by some random event beyond the ken of
the foreign-exchange advisers to corporations, the author-
ities will not want to let the foreign-exchange rate fall
when they know quite well that the cause of weakness is
temporary. They will naturally want to intervene to off-
set the special factor and to keep the exchange rate
steady. If flexible rates are ever established as a regular
system, it is almost certain that the authorities will insist
on having the freedom to intervene when in their judg-
ment intervention is expedient. Most experts hope that
with better statistical analysis of the trends of the various
magnitudes in the external balance, governments will be
able to confine their interventions to offsetting temporary
items and will not interfere with long-run trends as de-
termined by underlying forces.

A notable experiment with such a system was made by
the United Kingdom between 1931 and 1939. There was
a high degree of official intervention. The rules of the
game were that the authorities would intervene to offset
imbalances due to temporary causes and also to offset
movements of what came to be called “hot money,” while
allowing the rate to move toward its long-run natural
level as determined by market forces. The experiment
was too short-lived to yield many valuable lessons. The
system was modified somewhat by the Tripartite Agree-
ment in 1936 between the United States, the United King-
dom, and France, joined also by other countries, under
which each authority was expected to do more to keep
the rate stable than it might have been disposed to do if
it had only its own interest to consider.

A flexible system on a wider international scale would
require a consensus among the countries concerned as to
the principles underlying the interventions and on how to
diagnose an existing situation. For instance, if sterling
were weak, British authorities might hold that the weak-
ness was not due merely to temporary causes but to an
underlying disequilibrium and that accordingly they
should not intervene to prevent the exchange rate from
going down. At the same time, Americans might take an
opposite view, holding that sterling was not at present
overvalued in relation to the dollar and that accordingly
the British should support sterling and not let it drift
downward. It would be still more difficult to get consen-
sus among several powers; the change in the rate between
two powers would affect the rates of all the others as
well. While this may not be an objection in principle it
would certainly be a very serious one in practice.

In the briefer period of the British experiment (1931~
36), no consensus was required. The currencies of the
world were then divided into two groups, those linked to
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sterling and those linked to gold. There were changes in
the gold value of the dollar, but these amounted to
changes in parity and not to a flexible rate system. Inter-
vention in the exchange rate between the sterling area
and the gold-attached currencies was executed by the
Bank of England only; the Federal Reserve System did
not intervene. This was a very special system with its
consequent absence of a need for consensus and is not
likely to occur again. So the problem of how to obtain
consensus remains.

Crawling peg. Members of the International Mone-
tary Fund have a right to adjust their rates of exchange
(more strictly, to adjust the gold parity of their cur-
rencies) from time to time in the event of a “fundamen-
tal disequilibrium.” This is often called the adjustable
peg system. The expression crawling peg has been in-
vented to describe another possible system. With the
crawling peg there would still be a parity of exchange,
but the parity itself would be allowed to move from day
to day, the idea being that it should not move by a large
amount, possibly not by more than 2 percent a year.
There would have to be an initial consensus about this
figure when the system was set up, but no further consen-
sus would be required for any change of parity within the
limit. The parity on each day (or for each week) would
be fixed by reference to the average market rates of a
preceding period, say a year. The authorities would cease
to have power over the parity but would still have the
duty to intervene in such a way as to prevent the actual
market rates going outside the limits on either side of the
changing parity. In connection with this proposal, it has
also been suggested that the band on either side of parity
between the upper and lower limits should be broadened
so as to give the market forces a little more scope.

Two major advantages are suggested for the crawling-
peg system. First, it is maintained that the prospect of a
rate change of not more than, say, 2 percent in the course
of a year would obviate those massive movements of
precautionary funds that have been such an inconve-
nience under the adjustable-peg system. Second, the au-
thorities would be relieved of deciding about the parity
and could let market forces determine the direction and,
within the prescribed limits, the amount of the exchange-
rate movement.

There are difficulties in this. If reliance is placed on
small exchange-rate movements to get adjustment from a
position of fundamental disequilibrium, the remedy will
be slow working. Accordingly, monetary authorities in
every country will'need larger reserves than under a sys-
tem with a quicker adjustment mechanism. The question
also arises whether 2 percent a year is enough. Another
difficulty is that a country may suddenly encounter un-
usual disturbances in its domestic monetary system. Fi-
nancial advisers will then raise the question whether this
country will not be forced by the circumstances to aban-
don its loyalty to the crawling-peg system and have a
larger devaluation. Then all the old troubles will begin
again.

A modification of the strict scheme outlined above has
also been suggested, whereby the authorities would agree
to a maximum rate of change in parity of, say, 2 percent
a year and would agree to space out that change so as not
to provoke precautionary movements of funds; but the
direction and the amount of that change, subject to the
limits, would be determined by the authorities and not by
market forces. This would entail losing what, in the opin-
ion of some, is a valuable feature of the strict scheme.

Whatever changes may be made in the future, there is
not likely to be a return to rigidly fixed and permanent
exchange rates as under the old gold standard. There are
some in central banking circles who would like rates un-
der the existing system to be moved only very occasion-
ally and as a measure of last resort. That is a rather dif-
ferent concept from the one that actuated the founders
of the International Monetary Fund at Bretton Woods,
who thought of exchange-rate change as a measure of ad-
justment to be used from time to time whenever circum-
stances. seemed to require it. The reason for not going

back to an absolutely rigid fixed-rate system is that a
movement of the exchange rate, whether from time to
time or continuously, is thought to be a valuable weapon
of adjustment; in particular, it may prevent the need for
a domestic deflation that would create a socially unac-
ceptable level of unemployment in order to correct a
deficit. )

I1. Balance of payments accounting

THE CURRENT ACCOUNT

When using balance of payments statistics it is important
to understand their basic concepts. The balance of pay-
ments includes, among other things, payments for goods
and services; these are often referred to as the balance of
trade, but the expression has been used in a variety of
ways. In order to be more specific, some authorities have
taken to using the expression “merchandise balance,”
which unmistakably relates to trade in goods and ex-
cludes services and other occasions of international pay-
ment.

Figures for the merchandise balance often quote exports
valued on a FOB basis (free on board) and imports
valued on a cIF basis (including cost, insurance, and
freight to point of destination). This swells the import
figures relatively to the export figures by the amount of
the insurance and freight included. The reason for this
practice has been that in many countries the trade statis-
tics have been based on customs house data, which nat-
urally include insurance and freight costs for imports but
not for exports. The authorities have more recently made
a point of providing estimates of imports valued on an
FOB basis.

Another expression, “balance of goods and services,” is
often used. The British, however, continue to use the
term invisibles for current services entering into interna-
tional transactions. For many years the “visible” balance
was taken to be equivalent to exports quoted FoB and im-
ports CIF as explained above. The British authorities have
more recently instituted another linguistic usage by which
the “visible” balance is equivalent to the true merchan-
dise balance. The old usage still lingers on in the less ex-
pert literature.

And so the total current account is the balance of goods
(merchandise) and services. The U.K. includes unilateral
transfers among “invisibles” and in the current account.
The U.S. statistics, more correctly, show them under a
separate heading.

Services include such items as payments for shipping
and civil aviation, travel, expenditures (including mili-
tary) by the home government abroad and expenditures
by foreign governments at home, interest and profits and
dividends on investments, payments in respect of insur-
ance, earnings of banking, merchanting, brokerage, tele-
communications and postal services, films and television,
royalties payable by branches, subsidiaries and associated
companies, agency expenses in regard to advertising and
other commercial services, expenditures by journalists
and students, construction work abroad for which local
payment is made and conversely, earnings of temporary
workers such as entertainers and domestic workers, and
professional consultants’ fees. This list contains the more
important items but is not comprehensive.

Among unilateral transfers the more important are out-
right aid by governments, subscriptions to international
agencies, grants by charitable foundations, and remit-
tances by immigrants to their former home countries.

THE CAPITAL ACCOUNT

There is also the capital account, which includes both
long-term and short-term capital movements.

Long-term flows. Long-term capital movement di-
vides into direct investments (in plant and equipment)
and portfolio investments (in securities). In the 19th
century direct investment in plant and equipment pre-
ponderated. The U.K. was much the most important con-
tributor to direct investment overseas. In the early part
of the century it even contributed to the industrial de-
velopment of the U.S.; later its attention shifted to South
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America, Russia, other European countries, and India.
Investment in what came to be called the “Common-
wealth” and “Empire,” not prominent at that time, be-
came very important in the 20th century. The other
countries of western Europe also made important contri-
butions to direct investment overseas.

The most important items of direct investment were
railways and other basic installations. In early stages di-
rect investment may help developing countries to balance
their payments, but in later stages there will have to be
a flow of interest and profit in the opposite direction back
to the investing country. The U.K. is frequently cited as
the country whose overseas investments were most help-
ful for developing countries because her rapidly growing
population and small cultivable land area permitted her
to develop large net imports of food and to run corre-
sponding deficits on her merchandise account. The com-
plementary surplus this generated in the developing coun-
tries from which the imports came enabled them to pay
the interest and profit on British capital without straining
their balances of payments.

Between World War I and World War II the U.S. began
to take a more active interest in overseas investment, but
this was not always well advised. After the great world
slump, which started in 1929, international investment
almost ceased for lack of profit opportunities.

After World War II the U.S. began to build up a leading
position as overseas investor. The process accelerated in
1956 and afterward, both on direct investment and on
portfolio investment accounts. This may have been partly
due to the desire of U.S. firms to have plants inside the
European Common Market. Other countries also found
more opportunities for capital export than there had been
in the interwar period. The U.K. gave special attention
to the British Commonwealth.

Short-term flows. In this context a very important
distinction must be drawn between the short-term capital
that flows in the normal course of industrial and com-
mercial development and that which flows because of
exchange-rate movements. The first class of short-term
capital may be thought of as going in the train of direct
long-term investment. A parent company may desire
from time to time to supply its branch or affiliate with
working capital. There may also be repayments from
time to time. The second type of short-term capital flow
was described in the section on foreign exchange. When
there is confidence in a parity, these flows are normally
equilibrating—i.e., they tend to offset a surplus or deficit
on other accounts. But when there is lack of confidence
in the maintenance of a parity large disequilibrating
flows occur, as has already been described.

Eurocurrency markets. An international capital mar-
ket developed in the 1960s dealing in what are known
as Eurocurrencies, of which much the most important
is the Eurodollar. The prefix Euro is used because in-
itially the market largely centred on the countries of
Europe, but it has by no means been confined to them.
Japan and the Middle Eastern oil states have been im-
portant dealers. While these short-term lendings nor-
mally move across national frontiers, they do not enter
directly into balances of payments as they do not directly
involve foreign exchange transactions. They may, how-
ever, indirectly cause such transactions to take place.

The nature of the market is as follows: In the ordinary
course of affairs, an Italian, for example, acquiring dol-
lars—say from exports or from a legacy—would sell
these dollars for his own currency. But he may decide to
deposit the dollars at his bank instead, with an instruction
not to sell them for cash but to repay him in dollars at a
later date. Thus the bank has dollars in hand and a com-
mitment to pay them out in, say, three months. It may
then proceed to lend these dollars to another bank, any-
where in the world. Since the lending and borrowing is
done in dollars, no foreign exchange transaction is di-
rectly involved. The sum total of all operations of this
sort is the Eurodollar market. It is not centred on any
particular place and has no formal rules of procedure or
constitution. It consists of a network of deals conducted
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by telephone and telex around the world. U.S. residents
themselves lend to and borrow from this market.

One may ask why lenders and borrowers use this mar-
ket in preference to more conventional methods of lend-
ing and borrowing. Ordinarily the answer is because they
can get more favourable terms, since the market works
on very narrow margins between lending and borrowing
rates. This involves expertise; London has played the
most important part in the creation of the market. The
lender hopes to get a better rate of interest than he would
on a time deposit in the U.S. (restrictions limiting inter-
est payable on U.S. time deposits are said to have been a
contributing cause of the growth of the market). At the
same time, normally, the borrower will find that he has
to pay a lower rate than he would on a loan from a com:
mercial bank in the U.S. :

This has not always been the case. In 1969 Eurodollar
interest rates went to very high levels. One reason for
this was the set of restrictions imposed by the U.S. on
its commercial banks lending abroad. The second was
that although the prime lending rates of the principal
U.S. banks might be below Eurodollar rates, many indi-
viduals, including U.S. citizens, found that they could not
get loans from their banks because of the “credit
squeeze.”

Because this form of international lending does not in-
volve the sale of one currency for another, it does not
enter into balances of payments accounts. Nonetheless it
may have a causal effect on the course of the exchanges.
For instance, the Italian cited above might have chosen
to sell his dollars had he not been tempted by the more
attractive Eurodollar rate of interest. In this case, the
market causes dollars not to be sold that otherwise would
have been. Others who have liquid cash at their disposal
for a time may even buy dollars in order to invest them
in the market at short term. That would be helpful to the
dollar. There are countercases. An individual who has to
make a payment in dollars but lacks cash may borrow
the dollars in the Eurodollar market, when otherwise he
would have got credit in his own country and used that
to buy dollars; in this case the market is hurtful to the
dollar because its existence prevents someone from buy-
ing dollars in the regular way.

ASSESSING THE BALANCE

To summarize, the overall balance of payments com-
prises the current account (merchandise and services),
unilateral transfers (gifts, grants, remittances, etc.), and
the capital account (long-term and short-term capital
movements). If payments due in exceed those due out, a
country is said to be in overall surplus; and when pay-
ments due out exceed payments due in, it is in overall
deficit. The surplus or deficit must be balanced by a mon-
etary movement in the opposite direction, and conse-
quently the overall balance including monetary move-
ments must always be equal.

In practice, great difficulties have been found in assess-
ing whether a country is in deficit or in surplus. It is often
important to establish this with a view to possible correc-
tive measures. The U.K. lays chief stress on the combined
balance of current and long-term capital account—i.e.,
excluding short-term capital. This may be the best plan.
Such a balance, however, omits short-term movements
that occur in the ordinary course of business, which may
be called “normal” and which ought in principle to be
included. On the other hand it is not desirable to include
equilibrating or disequilibrating capital movements of the
kind referred to above. These occur in consequence of a
deficit (or surplus), actual or anticipated. But there may
be great statistical difficulty in distinguishing between the
normal short-term capital flows and those that are conse-
quential on a surplus or deficit.

It has been noted that the overall balance, including
monetary movements, must be equal, but it usually hap-
pens that the figures do not quite balance. United States
statisticians call the residual figure that has to be in-
serted to square the account “errors and omissions.” If
the average value of this figure over a substantial period,
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such as ten years—an even longer period may have to be
taken if a country is in persistent surplus or deficit—has
a positive or negative value of substantial amount, then it
may be taken to constitute genuine items that have es-
caped the statistical net. These may legitimately be in-
cluded in assessing whether a country is in genuine sur-

plus or deficit and whether corrective measures are

needed.

The “errors and omissions” item is extremely volatile
from year to year and often very large. Such movements
up and down are probably caused by precautionary short-
term capital movements. There have been periods when
a minus item in the U.S. account was rather strikingly as-
sociated with a plus item in the U.K. account, and con-
versely. Accordingly, in the short term, the “errors and
omissions” item should not be included in assessing
whether a country is in surplus or deficit.

It has been noted that the U.K. lays chief stress on the
balance of current and long-term capital accounts (which
include unilateral transfers). The U.S. position is less
clear. The official balance, published every quarter by the
Department of Commerce, is called the “Commerce Bal-
ance” or the “Liquidity Balance.” Recently stress has also
been laid on what is called the “Official Settlements Bal-
ance.”

In distinguishing between monetary and nonmonetary
items, the Commerce Balance includes any increase in
the holding of short-term dollar securities abroad as part
of the U.S. deficit during the period; but it does not in-
clude as counterweight any increase in short-term foreign
claims held by U.S. resident banks or others (apart from
official holdings). Thus in this respect the treatment is
asymmetrical. The rationale for this is precautionary.
The argument is that short-term dollar assets held abroad
outside the central banks may at any time be sold in the
market or turned in to the central banks of the respective
countries and thus constitute a drain, or the threat of a
drain, on the U.S. reserves. On the other hand the cor-
responding foreign short-term assets held by U.S. resi-
dent banks or others are not readily mobilizable by the
U.S. authorities for making payments. Thus by this reck-
oning, if during a period non-central-bank foreign hold-
ings of short-term dollar securities and resident non-cen-
tral-bank U.S. holdings of short-term foreign securities
went up by an equal amount, the situation would be
shown as having deteriorated, since the former class (lia-
bilities) are a threat to the U.S. reserve, while the latter
class (assets) cannot be mobilized by the U.S. authorities
to meet such a threat. Thus, though the motive for this
asymmetrical treatment may be understandable, it is sta-
tistically unsatisfactory and also unsatisfactory as a guide
to corrective action.

The U.S. Official Settlements Balance reckons an in-
crease in non-central-bank foreign holdings of short-term
dollar assets as an inflow of short-term capital into the
U.S.; similarly an increase in U.S. resident holdings of
short-term foreign assets is an outflow of short-term cap-
ital. This is a logical treatment. But the balance thus de-
fined proved in the 1960s to be extremely volatile. This
was due to large movements of funds between foreign
central banks and non-central-bank foreign holders, as-
sociated with the rise of the Eurodollar market. Oscilla-
tions of this kind do not represent changes in the funda-
mental balance that are needed in order to determine
whether corrective measures are required. It may well be
that the British method of omitting short-term capital
movements altogether in the assessment of surplus or
deficit is, although imperfect, the most practical avail-
able.

III. Adjusting for fundamental disequilibrium

Reference has been made to the Articles of Agreement of
the International Monetary Fund, which permit a nation
in “fundamental disequilibrium” to alter its exchange
parity. A “fundamental disequilibrium” exists when out-
ward payments have a continuing tendency not to bal-
ance inward payments. The sum total of payments going
each way depends on such matters as the competitive-

ness of the country’s prices for tradable goods, profit
prospects abroad (encouraging capital to flow outward)
and profit prospects at home (which may attract foreign
capital), past events such as international investments on
which interest and profit and perhaps repayments are
continuing to accrue, the provision by the home country
of services abroad and by foreign countries of services at
home, the flow of gifts, etc.

Taking equilibrium as a starting point, a disequilibrium
may occur for various reasons. Some may be grouped un-
der the head of structural change (resulting from changes
in tastes, habits, institutions, technology, etc.). Or a fun-
damental imbalance may occur if wages and other costs
rise faster in relation to productivity in one country than
they do in others. Imbalance may also result when ag-
gregate demand runs above .the supply potential of a
country, forcing prices up or raising imports. A war may
have a profoundly disturbing effect on a country’s econ-
omy.

THE CLASSICAL VIEW

In the traditional “classical” view no intervention by
the authorities was necessary to maintain external equi-
librium, except for their readiness to convert currency
into gold (or silver) upon demand. The system was sup-
posed to work automatically. If a country had a deficit,
gold would flow out, and the consequent reduction in the
domestic money supply would cause prices to move
downward. This would stimulate exports and tend to re-
duce imports. The process would continue until the defi-
cit was eliminated. Classical doctrine did not embody a
clear-cut theory about international capital movements.
It was usually assumed that the trade balance (more
strictly, balance on goods and services) would be tailored
to accommodate any capital movement that occurred.
Thus, if the country was exporting capital, gold flows
would cause prices to move to such a level that exports
minus imports would be equal to the capital flow; equi-
librium in the overall balance was automatically secured.

In due course the classical scheme of thought came un-
der criticism. Would an outflow or inflow of specie neces-
sarily have a sufficient effect on the price level to ensure
an equal balance of payments eventually? More impor-
tant, might not a reduction in the money supply have a
side effect on the level of economic activity? A critic
might go further and argue that this side effect would be
stronger than the effect on prices to such a degree as to
cause unemployment to rise to an undesirable level. The
criticism was carried still further by the argument that
the whole system was undesirable if in its necessary
working it caused bouts of severe unemployment from
time to time. The last-mentioned point is especially as-
sociated with the name of Keynes, whose writings helped
to shake the almost universal belief that an automatic
gold standard was the ideal system.

CONTEMPORARY VIEWS

Monetary and fiscal measures. The belief grew that
positive action by governments might be required as
well. The. doctrine was first related to monetary policy
in particular. The idea was that interest-rate adjustments
should be combined with open-market operations by a
central bank to ensure that the domestic money supply
and borrowing facilities were conducive to external long-
period equilibrium. After World War II the idea came
to be widely held that government budget policy (usually
called fiscal policy) should be brought in to assist mone-
tary policy. For instance, if aggregate domestic demand
was running so high as to cause rising prices, this should
be reduced both by having a tight monetary policy and
by increasing taxation more than expenditure or reduc-
ing expenditure without reducing taxation. The correct
apportionment of this task between the monetary and
fiscal arms is still a subject of discussion.

Nor is there yet agreement about the scope of these
policies or their ability to secure fundamental equilibrium
in all cases. There is probably agreement that when over-
all demand is running in excess of the supply potential of
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the economy, it should be reduced by monetary and fiscal
policies. There is difference of opinion as to whether the
reduction of aggregate demand will bring external pay-
ments into balance in all cases. For instance, a country
may have a deficit owing to some underlying economic
change (such as a shift in the pattern of world trade),
even if domestic demand is not above the supply poten-
tial and prices are not rising. In this case, policies de-
signed to reduce domestic demand (commonly called de-
flationary policies) would cause unemployment. Some
hold that, if there is an external deficit, deflationary pol-
icies should be pursued to whatever extent may be needed
to eliminate that deficit. Others hold that such a policy is
socially unacceptable.

Opinions differ also about how deflationary measures
work to improve the external balance. Some hold that
they work mainly by reducing domestic activity and there-
by the amount of imported materials that a country needs
and the amount of income that people can afford to spend
on imported goods. If this were the whole effect of a defla-
tionary policy, it would improve the external balance
only in proportion to the amount by which it increased
unemployment. Those who hold that this is the only man-
ner in which deflation affects the external balance are
especially opposed to relying on deflationary policies
alone to eliminate a deficit in conditions in which aggre-
gate domestic demand is not running above the supply
potential. Some hold that a reduction of home demand
also helps because it makes producers look around more
eagerly for export markets (and increase their selling ef-
forts in the home market). This appears to be doubtful.
There is further disagreement on the extent to which de-
flationary policies influence the course of prices. If aggre-
gate demand is running above the supply potential of the
economy, it is highly probable that deflationary policies
will slow the increase of prices and thus make a country
more competitive with foreign suppliers. There is not the
same agreement about the effects when demand is ini-
tially running below the supply potential of the economy.
Some hold that a deflationary policy, if pushed hard
enough, will infallibly slow up price increases and so help
the country’s external balance. Others hold that it will
not, and some even argue that higher interest rates and
higher taxes (weapons of deflation) could cause prices
to rise. Thus it is not absolutely clear that monetary and
fiscal policies will in all cases suffice to cure an external
deficit, at least without socially unacceptable results.

There is also the opposite case of countries with a trade
surplus. It is clear that these countries will be unwilling to
encourage policies that cause domestic prices to rise.
Price inflation is a social evil and politically unpopular.

In the case of surplus countries, the same distinction
must be made between the situation in which aggregate
demand is fully up to or above the supply potential of the
economy and that in which it is not. In the former case a
further increase in demand would almost certainly have
an inflationary effect; accordingly, surplus countries in
this condition will be unwilling to use monetary and fis-
cal policies to eliminate their external surpluses. On the
other hand, if aggregate demand is running below supply
potential, then a surplus country might reasonably be
asked to increase aggregate demand by monetary and fis-
cal policies on the view that the increase will not cause
inflation but will tend to remove the external surplus by
inducing more imports and possibly causing producers to
be less active in their selling efforts abroad.

Incomes policy. Prices may be rising in a country
even when aggregate demand is not in excess of the
supply potential. This may be due to increases of wages
and other factor incomes in excess of productivity in-
creases. Some hold that this could be dealt with by mone-
tary and fiscal policies designed to increase unemploy-
ment. Alternatively, efforts have been made to discourage

-excessive wage increases by a direct approach. This may

consist of a campaign of education and propaganda on
the evil effects of wage-price inflation, together with what
are called “guideposts” or “guidelines” as to the maxi-
mum average rates of wage increases consistent with
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price stability. The matter can be carried further with
legal sanctions against excessive wage increases. The at-
tempt to deal with the problem directly in this way is
generally known as “incomes policy.” Efforts made in
this direction so far have not had very marked results.

Devaluation and revaluation. Exchange-rate move-
ments have already been discussed. For this purpose they
might be effectuated either by a more frequent-use of the
“adjustable peg,” as now allowed in the constitution of
the International Monetary Fund, or by the adoption of
flexible exchange rates. The weapon would work by mak-
ing the products of a deficit country more price competi-
tive or those of a surplus country less price competitive.

Any program (including an incomes policy) that seeks
to rectify an imbalance by changing the level of prices
will be effective only if demand is “price elastic.” In other
words, if the offer of an article at a lower price did not
cause an increase in demand for it more than in propor-
tion to the fall in price, the proceeds from its export
would fall rather than increase. Economists believe that
price elasticities are sufficiently great for most goods so
that price reductions will increase revenues in the long
run. The outcome is not quite so certain in the short run.

A much faster means of changing relative price levels is
devaluation, which is likely to have a quick effect on the
prices of imported goods. This will raise the cost of living
and may thereby accelerate demands for higher wages. If
granted, these would probably cause rises in the prices of
domestically produced goods. A “wage-price spiral”
might follow. If this went too quickly it might frustrate
the intended effect of the devaluation, namely that of en-
abling the country to offer its goods at lower prices in
terms of foreign currency. This means that if the benefi-
cial effects of a devaluation are not gathered in quickly,
there may be no beneficial effect at all.

The authorities of a country that has just devalued will
therefore be especially active in preventing or moderat-
ing domestic price increases. They will need to use the
other policy measures already discussed. Devaluation (or
the downward movement of a flexible rate) is thus not a
remedy that makes other forms of official policy unnec-
essary. Some have argued that if exchange rates were al-
lowed to float, nothing further would have to be done of-
ficially to bring the external balance into equilibrium.
This is a minority view.

One further point must be made regarding the ex-
change-rate weapon. It has been found in practice that
governments resist upward valuation more than they do
devaluation. Devaluations have in fact been larger and
more frequent than upward valuations. This has an un-
fortunate consequence. It means that the aggregate
amount of price inflation in deficit countries resorting to
devaluation as a remedy will not be offset by equivalent
price decreases in the surplus countries. Therefore this
system, if more strongly resorted to, would have a bias
toward worldwide inflation.

An exception to this must be made for the “crawling
peg.” Logically that system would produce in the world
as much upward valuation as downward valuation and
therefore as much tendency for prices to fall as for prices
to rise, at least to the extent that price movements are
affected by exchange-rate movements.

Trade restrictions. Since World War II the major in-
dustrial countries have attempted to reduce interfer-
ences with the free flow of international trade. This pol-
icy, by extending the international division of labour,
should increase world economic welfare. An exception
has had to be allowed in favour of the less developed
countries. In the early stages of the development of a
country, the effectiveness and feasibility of the three
types of adjustment mechanism already discussed, par-
ticularly the all-important monetary and fiscal policies,
may be much less than in the more advanced countries.
The less developed countries may therefore be driven to
protection or the control of imports, for lack of any other
weapon, if they are to stay solvent. It has already been
noted that, even in the case of a more advanced country,
the effectiveness and appropriateness of the above-men-
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tioned adjustment mechanisms are not always certain.
Thus, there is no certainty that some limitation on
foreign trade and on the international division of labour
may not be a lesser evil than the consequences that might
follow from a vigorous use of the other adjustment mech-
anisms, such as unemployment.

Restrictions on capital exports. Interference with capi-
tal movements is generally considered a lesser evil than
interference with the free flow of trade. Thus in 1964 the
U.S. imposed an “Interest Equalization Tax” (on invest-
ment in foreign portfolio securities) and restraints on di-
rect capital investment abroad. The theory of the opti-
mum international movement of capital has not yet been
thoroughly develcped, but there may be a presumption in
favour of absolutely free movement. The matter is not
quite certain; for instance, it might be desirable from the
point of view of the world optimum to channel the out-
flow of capital from a high-saving country into the less
developed countries, although the level of profit obtain-
able in other high-saving countries might be greater. Or it
might be expedient to restrain wealthy individuals in less-
developed countries, where domestic saving was in no-
tably short supply, from sending their funds to high-sav-
ing countries.

While there may be good reasons for interfering with
the absolutely free international flow of capital in certain
cases, it is not obvious that the outflow of capital from,
or inflow of capital into, a country should be tailored to
surpluses or deficits in current external accounts. It may
be that in some cases the sound remedy for a deficit (or
surplus) is to adopt adjustment measures such as those
referred to above, bearing upon current items, rather than
taking the easier way of adjusting capital movements to
the de facto balance on current account.

IV. International cooperation
THE INTERNATIONAL MONETARY FUND

The International Monetary Fund, founded at the Bretton
Woods Conference in 1944, is the official organization
for securing international monetary cooperation. It has
done most useful work in various fields, such as research
and the publication of statistics and the tendering of mon-
etary advice to less developed countries. It has also con-
ducted valuable consultations with the more developed
countries, and it has helped to introduce more order into
currency movements and exchange relations than ob-
tained, for instance, after World War 1.

Drawing rights. Of particular interest to this discus-
sion is the Fund’s system of Drawing Rights, which
permits countries in temporary deficit to draw supplies of
foreign currency according to predetermined quotas.
These extra supplies of currency give a country more
time in which to adjust its balance of payments and so
avoid taking unsound or unneighbourly measures like im-
port restrictions for lack of enough reserves to tide it over
a difficulty. The mechanism is as follows. Members of the
Fund—now numbering over 100—are required to make
initial deposits according to their quotas, 25 percent in
gold and 75 percent in their own currencies. The Fund
makes its stock of members’ currencies available to mem-
ber countries that wish to draw upon their quotas. When
creditor countries are presented with their own currencies
previously deposited by them with the Fund, they are
obliged to take them in final discharge of debts owed by
other member countries. Since they previously deposited
these currencies themselves they are in effect getting noth-
ing from the debtor countries in respect of the debts owed
to them, and their willingness to accept payment in this
way is their contribution to the overall liquidity of the
world system. Later the creditor countries may them-
selves become debtors and partake of the benefits. The
debtors, who in a sense are getting something for nothing,
have to repay the Fund usually in three to five years.

The exercise of Drawing Rights is subject to discussion
and sometimes to conditions, except for drawings on what
are called the gold tranches—i.e., sums equal to the
members’ original deposits of gold—which are given “the
overwhelming benefit of the doubt.” Countries are also

free to draw without discussion up to the net amount to
which they have previously been drawn upon by other
countries.

The International Monetary Fund as it finally emerged
from the wartime discussions was a much more modest
undertaking than had originally been conceived by the
British. An early British proposal would have required
creditor countries to receive payment in paper money up
to the total amount of all the quotas of all the debtor
countries. This seemed to many to be more than it was
fair to ask creditors to do. The U.S. claimed that for a
number of years after the war it was likely to be in credit
against the whole of the rest of the world, and so it was:
Under the British plan they would have had to give an
unconscionably large amount of credit, with no certainty
of repayment. At that time it did not seem at all likely
that the U.S. would ever go into deficit at a later date,
which, of course, it did.

The scarce currency problem. The arrangcment was
bound to create difficulties should the debtor-creditor po-
sition among member countries be lopsided. The sum
total of the quotas of the countries in debit might exceed
the sum total of the quotas of the countries in credit. The
debtor countries, having paid gold into the Fund and un-
dertaken certain obligations, would naturally have the
right, subject to discussions and to convincing the Fund
that they would in due course put their houses in order,
to draw the whole amount of their quotas as needed. But
if the position was lopsided—e.g., if the sole creditor
country was the U.S.—the Fund would not have enough
dollars to satisfy the Drawing Rights of all the debtor
countries. To meet this difficulty the “scarce currency”
clause (article 7) was devised. If any country should be-
come an overwhelming creditor, so that the supply of its
currency available to the Fund became exhausted, this
currency would be declared “scarce.” The debtor coun-
tries would then have the right to discriminate in their
monetary and commercial policies against the country in
question. Thus the debtor countries would be able to
maintain full trading relations with each other, while

confining their restrictions to dealings with the creditor.

This seemed a sensible arrangement.

But the scarce currency provision has not been applied.
In the early postwar years the U.S. met the situation by
giving .“Marshall Plan Aid” on a generous scale and
thereby relieving the world dollar shortage. Later, to-
ward the close of the 1950s, the position was reversed
and some countries of continental Europe became heavy
creditors. But by this time the scarce currency clause had
become ideologically unacceptable. Great efforts had
been made to get rid of all forms of discrimination in in-
ternational dealings, and it would have been thought ob-
jectionable to revive discrimination under this clause.
Furthermore, many nations had in the meanwhile dis-
mantled the administrative machinery needed for such
discrimination. The difficulty would have to be met in
another way.

OTHER EFFORTS AT FINANCIAL COOPERATION

The Group of Ten. During 1961 there were signs of a
crisis. The U.S. had been running a heavy deficit since
1958, and the U.K. plunged.into one in 1960. It looked as
if these two countries might need to draw upon continen-
tal European currencies in excess of the amounts avail-
able. Per Jacobssen, then managing director of the Inter-
national Monetary Fund, persuaded a group of countries
to provide standby credits amounting to $6,000,000,000
in all, so that supplementary supplies of their currencies
would be available. The plan was not confined to the
countries that happened to be in credit at that time but
was extended to other important countries, the currencies
of which might run short at some future time. This plan
was known as the “General Arrangements to Borrow.”
The adhering countries were ten in number: the U.S., the
U.K,, Canada, France, Germany, Italy, The Netherlands,
Belgium, Sweden, and Japan. They became known as the
“Group of Ten.”

The arrangement was subject to the agreement that
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countries actually supplying additional currency would
have the right to take cognizance of how the Fund used
it. This put them in a power position as against the Inter-
national Monetary Fund itself. Since then the Group of
Ten has worked together in deliberating on international
monetary problems.

At the meeting of the International Monetary Fund in
1963 the idea was put forward that some reform would be
needed in the international monetary system, especially
by way of increasing liquidity, and the Group of Ten was
asked to give this consideration. It was felt that before
any new plan was proposed, prior agreement of the
Group of Ten would be essential. After four years of dis-
cussion, the Group of Ten devised the “Special Drawing
Rights” proposal adopted by the International Monetary
Fund at the Rio de Janeiro meeting in 1967 (see below).

The dominant position gained by the Group of Ten has
been due not only to their provision of standby credit but
also to the manner in which they do their business. The
ultimate authority of the Group resides in the finance
ministers of the countries concerned, who meet from time
to time. Their deputies meet more frequently for detailed
work on particular problems. These deputies consist of
high-ranking persons in their respective treasuries and
central banks; they are resident in their own countries
and have day-to-day knowledge of their problems and of
what is politically feasible. In this respect they are in a
much more advantageous position than the executive di-
rectors of the International Monetary Fund, who live in
Washington, D.C., and have less contact with their home
governments; they also tend to be persons of higher
standing and authority.

The Basel Group. In 1930, a Bank for International
Settlements was established at Basel; its main duty was
to supervise and organize the transfer of German repara-
tions to the recipient countries. This “transfer problem”
had caused much trouble during the 1920s. There may
also have been a hope in the minds of some that this in-
stitution might one day develop into something like a
world central bank.

Not long after it was set up the Germans gained a mora-
torium on their reparations payments. By then, however,
the Bank for International Settlements had become a con-
venient place for the heads of the European central banks
to meet together and discuss current problems. This prac-
tice was resumed after the war, and the U.S., although
not a member, was invited to join in the deliberations.

When Marshall Plan Aid was furnished by the U.S. to
help European countries in their postwar reconstruction,
a European Payments Union was established to facilitate
multilateral trade and settlements in advance of the time
when it might be possible to re-establish full multilateral-
ism on a world scale. The war had left a jumble of trade
restrictions that could not be quickly abolished. The Eu-
ropean Payments Union also contained a plan for the
provision of credit to European debtors. The U.K. was a
member, and with it was associated the whole sterling
area. Responsibility for working the machinery of the Eu-
ropean Payments Union was assigned to the Bank for In-
ternational Settlements. The European Payments Union
was ultimately wound up after the countries of Europe
were able to eliminate the last restrictions and make their
currencies fully convertible in 1958.

In January and February 1961 there was a serious ster-
ling crisis, due partly to the British deficit of 1960 and
partly to a large movement of funds in anticipation of an
upward valuation 6f the German mark, which happened,
and thereafter in anticipation of a second upward valua-
tion, which did not happen at that time. To help the Brit-
ish, the Basel Group of central banks provided substan-
tial credits. These were liquidated when the U.K. trans-
ferred its indebtedness to the International Monetary
Fund the following July. The Basel Group has provided
further credits from time to time. The problems involved
have continued to be discussed at the monthly meetings.

Special mention should be made of an arrangement for
the support of the sterling area in 1968. After the deval-
uation of sterling in 1967 it was feared that the monetary
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authorities of the countries composing the sterling area
might wish to reduce their holdings of sterling. As there
was a continuing problem of world liquidity and sterling
played an important part as a reserve currency, the in-
ternational consensus was that any substantial reduction
in the holding of sterling as a reserve currency would be
damaging to the international monetary system. Under
the arrangement made in 1968 the U.K. on its side-agreed
to give a dollar guarantee to the value of the greater part
of the sterling-area reserves; there were slightly different
arrangements with each monetary authority. On its side
the Bank for International Settlement agreed to organize
credits to finance payments deficits for some countries of
the sterling area, should these occur at times when the
U K. might find it difficult to handle them.

The OECD. A body known as the Organization for
European Economic Co-operation was set up in 1948 to
make arrangements for the distribution of Marshall Aid
among the countries of Europe. When its tasks in this
connection were accomplished, it remained in existence,
was broadened to include the U.S., Canada, and Japan,
and was renamed the Organization for Economic Co-op-
eration and Development. It has a permanent staff and
headquarters in Paris. It undertakes research on a sub-
stantial scale and affords a forum for the discussion of
international economic problems. Special mention should
be made of Working Party No. 3 of its Economic Com-
mittee, which is concerned with problems of money and
exchange; at times the personnel of the Working Party
has been much the same as that of the deputies of the
Group of Ten. It issued a very important report on bal-
ance of payments adjustment problems in 1966. The Or-
ganization for Economic Co-operation and Development
has also set up an organization called the Development
Assistance Committee, concerned with problems of as-
sistance to the developing countries.

Swap agreements. The informal system of swap agree-
ments provides a mutual arrangement between central
banks for standby credits designed to see countries
through difficulties on the occasions of large movements
of funds. These are intended only to offset private in-
ternational flows of capital on precautionary or specula-
tive account, not to finance even temporary deficits in
countries’ balance of payments. Arranged ad hoc and
informally, they depend on the mutual goodwill and
trust of the central banks involved. The system of credits,
although informal, must be reckoned as important, since
they are of large amount. For instance, in 1973 the
U.S. had swap credits amounting to $18,000,000,000.

Events may move in the future in one of two different
ways. Some hold that the mutual swap system should
be formalized and rendered permanent. In this form it
would constitute an international arrangement of even
greater importance than the International Monetary
Fund itself. But it has to do only with large-scale precau-
tionary and speculative movements of short-term private
capital. And so the problem resolves itself into the ques-
tion whether these large private movements must be ex-
pected to be a permanent feature of the international
monetary world. If skillful craftsmanship (e.g., the sub-
stitution of a more flexible official exchange-rate system
for the “adjustable peg”) can produce a state of affairs in
which large flows cease to occur, then the provision of
mutual standby swap credits will no longer be needed.

(R.F.H.)

V. International reserves
GOLD AND RESERVE CURRENCIES

Gold remained the most important medium available to
the monetary authorities for international settlements in
the 1960s, but the quantity of gold available declined
as a proportion of international reserves. The founders
of the International Monetary Fund had intended that
the currencies of members should have a fixed value in
gold to be altered only on occasions of official change of
parity. The provisions of the International Monetary
Fund, however, were not sufficient to secure this. It was
necessary for governments with reserves of gold to inter-
vene in the market to maintain the gold value of major
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" currencies at par. In. the 1950s the British did this

through the London gold bullion market. In the autumn
of 1960, lack of confidence in the dollar developed, and
financial advisers recommended the conversion of dol-
lars into gold on a rather substantial scale. The result
was a supernormal demand for gold in the London mar-
ket, and the British had to turn to the U.S. for assurance
that they would be reimbursed in gold for the dollars
acquired in the process of holding down the gold price.
The result of this was burdensome to the U.S., since
dollars were by no means the only currency converted
into gold. The British authorities acquired dollars be-
cause the dollar was the “currency of intervention.” It
seemed unfair that the U.S. should lose gold in respect
of the total flight out of currencies, dollars or others.
Accordingly, an arrangement was made for setting up
what became known as the gold pool. It was agreed
that when the British, to hold the price of gold down,
had to sell it in the London market, the members of
the gold pool would reimburse them for the gold lost.
For several years this prevented a rise in the price.

In March 1968 there was a loss of confidence in the
dollar of even larger dimensions. This was attributable
partly to the continuing U.S. trade deficit and partly
to doubts arising from the devaluation of sterling in the
preceding November. The demand for gold became so
great that the authorities decided to close the gold
bullion market in London; when it reopened, no further
attempt was made to hold down the price of gold. The
gold pool arrangement came to an end. At the same
time the former members of the gold pool agreed that
their central banks would continue to exchange gold
against currencies held by other central banks at the
official rate. The result was the “two-tier system,” in
which gold circulated among central banks against cur-
rencies at the official valuation but usually circulated in
free markets at a higher valuation. It lasted until No-
vember 1973, when the countries that had established it
agreed to terminate it.

SPECIAL DRAWING RIGHTS

By the 1960s the limitations of the world’s reserves of
gold, sterling, and dollars had become painfully apparent.
To resolve this difficulty, a new kind of reserve called
Special Drawing Rights (sDR’s) was devised by the In-
ternational Monetary Fund. Members of the fund were
to be allocated sDR’s, year by year, in prearranged quan-
tities, to be used for the discharge of international in-
debtedness. At the IMF meeting in 1969, agreement was
reached for an issue extending over three years. These
Special Drawing Rights differed from ordinary Drawing
Rights in three important respects: (1) The use of Spe-
cial Drawing Rights was not to be subject to negotia-
tions or conditions. (2) There was to be only a very
much modified form of repayment obligation. A member
who used more than 70 percent of all the Special Draw-
ing Rights allotted to him in a given period had to repay
to the extent needed to reduce his average use of the
rights during that period to 70 percent of the total. Thus
70 percent of all Special Drawing Rights issued could
be thought of as reserves in the fullest sense, since a
member who limited his use to this amount would: have
no repayment obligation. (3) In the case of Drawing
Rights, the fund uses currencies as subscribed by mem-
bers to provide the medium of payment. By contrast,
the Special Drawing Rights were to be accepted in final
discharge of debt without being translated into any par-
ticular currency. This should obviate the need for any-
thing like the General Arrangements to Borrow. Though
currencies would have to be subscribed by members
receiving Special Drawing Rights, these would be in the
background and would not be used, except in the case
of a member in net credit on Special Drawing Rights
account who wished to withdraw from the scheme.

VI. The system of floating rates
THE CRISIS OF THE DOLLAR

The international monetary system established at the
Bretton Woods Conference in 1944 underwent profound

changes in the 1970s. This system had assumed that the
dollar was the strongest currency in the world because
the United States was the strongest economic power.
Other countries were expected to have difficulty from
time to time in stabilizing their exchange rates and
would need assistance in the form of credits from the
International Monetary Fund, but the dollar was ex-
pected to remain stable enough to function as a sub-
stitute for gold in international transactions. In the
second half of the 1960s these assumptions came into
question. The war in Vietnam led to an inflation that
produced enormous deficits in the U.S. balance of pay-
ments and ultimately forced devaluation of the dollar.
In 1970 the U.S. balance of paymenis deficit was aimost
$10,000,000,000. The flood of dollars into other coun-
tries caused difficulty for the European central banks,
which were forced to increase their dollar holdings in
order to maintain their currencies at the established
exchange rates. As the flood continued in 1971, the West
German and Dutch governments decided to let their
currencies float—that is, to let their exchange rates
fluctuate beyond their assigned parities. Austria and
Switzerland revalued their currencies upward in rela-
tion to the dollar. These measures helped for a time,
but in August the outflow of dollars resumed, and on
August 15 Pres. Richard M. Nixon formally suspended
what remained of the U.S. commitment made in 1934
to convert dollars into gold. This ended the postwar
monetary system established at the Bretton Woods Con-
ference. Most of the major trading countries decided
to abandon fixed exchange rates and let their currencies
find their own values in relation to the dollar.

THE SMITHSONIAN AGREEMENT AND AFTER

On December 17 and 18, 1971, representatives of the
Group of Ten met at the Smithsonian Institution in Wash-
ington and agreed on a realignment of currencies. The
dollar was devalued in terms of gold, while other cur-
rencies were appreciated in terms of the dollar. On the
whole, the dollar was devalued by nearly 10 percent in
relation to the other Group of Ten currencies (those of
the UK., Canada, France, West Germany, Italy, The
Netherlands, Belgium, Sweden, and Japan).

Several months after the Smithsonian Agreement, the
six members of the European Economic Community

(eec) agreed to maintain their exchange rates within.

a range of 2.25 percent of parity with each other, by
means of purchases and sales of each other’s currencies.
This arrangement came to be known as “the snake in
the tunnel’—the tunnel being the wider range of 4.5
percent permitted under the rules of the International

Monetary Fund. . .

The Smithsonian Agreement proved to be only a tempo-
rary solution to the international currency crisis. A sec-
ond devaluation of the dollar (by 10 percent) was an-
nounced in February 1973, and not long afterward Japan
and the Eec countries decided to'let their currencies
float. At the time, these were thought of as temporary
measures to cope with speculation and to prevent great
shifts of capital from one currency to another. In fact,
however, it was the end of the system of established par
values. Throughout the rest of the decade the major
currencies continued to float, their exchange rates being
determined by the course of events from day to day
or year to year. The quadrupling of the price of pe-
troleum at the end of 1973, followed by the deepest
recession since the 1930s' together with a prolonged
inflation, made a return to fixed par values impossible.
Instead, the finance ministries and central banks began
to seek ways of making the system of floating rates
manageable.

Much of the work involved in learning to live with
the system of floating rates was carried on by financial
specialists meeting in various national capitals. The
most important group was the Committee of Twenty,
set up by the International Monetary Fund, which held
its first meeting in September 1972 and concluded in
June 1974 with an Outline of Reform. It proposed a
system of “stable but adjustable par values,” with occa-
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sional use of floating rates. The Special Drawing Rights
would become the principal reserve asset, while gold
and the dollar would play a reduced role.

In November 1975 the heads of government of France,
West Germany, Italy, Japan, the U.K., and the U.S.
met at the Chateau de Rambouillet near Paris to dis-
cuss monetary and economic questions. The meeting
represented a compromise between French and American
views on the exchange rate mechanism. The French had
favoured an early return to stable par values, while the
Americans had wanted to preserve the right of coun-
tries to let their currencies float. The two countries agreed
to add to the Articles of Agreement of the IMF a pro-
vision that would permit currencies to float if the situa-
tion required it. The turbulent character of the exchange
markets in ensuing years made a return to stable par
values seem remote.
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Excretion, Human

Excretion, the elimination of the waste products of me-
tabolism and the removal of surplus substances from the
tissues of the body, is performed by several organs. The
lungs excrete carbon dioxide and water. The skin gives
off water, salts, and a little urea. The intestines excrete
some water along with the dietary residues and bacteria
(see EXCRETION AND EXCRETORY SYSTEMS; SKIN, HUMAN;
RESPIRATION, HUMAN). Most of the remaining excretion
is through the urine, the product of the excretory system,
consisting of the kidneys, the ureters, the bladder, and
the urethra. The present article is concerned with the
functioning of this system.

The ureters, urethra, bladder, and the collecting tubules
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and renal pelvis of the kidney function primarily as pas-
sageways or storage units for the urine that is produced
by the nephrons, the 1,000,000-1,250,000 functioning

_units of each kidney. Each nephron consists of a glomer-

ulus—a tuft or coil of the smallest of the blood vessels,
the capillaries—and a long narrow tube, or tubule. The
closed end .of the tubule is widened and folded back to
form a double-walled cup, called Bowman’s capsule,
which enfolds the glomerulus. The three main segments
of the rest of the tubule, the proximal convoluted tubule,
the loop of Henle, and the distal convoluted tubule, vary
in diameter and structure and have specialized functions
(see EXCRETORY SYSTEM, HUMAN).

The kidney has evolved so as to enable man as a com-
plex organism to exist on dry land where water and salts
must be conserved, wastes excreted in concentrated form,
and the blood and the tissue fluids strictly regulated as to
volume, chemical composition, and osmotic pressure.
Under the drive of arterial pressure, water and salts are
filtered from the blood through the capillaries of the glo-
merulus into the lumen, or passageway, of the nephron,
and then most of the water and the substances it con-
tains that are essential to the body are reabsorbed into
the blood. The rest of the filtrate is drained off as urine.
The kidneys, thus, help maintain a constant internal en-
vironment despite a wide range of changes in the external
environment.

The kidneys regulate three essent1a1 and interrelated
properties of the tissues—water content, acid-base bal-
ance, and osmotic pressure—in such a way as to main-
tain electrolyte and water equilibrium—that is, to main-
tain a balance between quantities of water and the quan-
tities of such chemicals as calcium, potassium, sodium,
phosphorus, and sulfate in solution. Unless the concen-
trations of mineral ions such as sodium, crystalloids such
as glucose, and wastes such as urea are maintained with-
in narrow limits, bodily malfunction rapidly develops
leading to sickness or death.

The removal of both kidneys leads to an accumulation
of urinary constituents in the blood (uremia) with death
in 14-21 days. Whenever the blood contains an abnor-
mal constituent in solution or an excess of normal con-
stituents including water and salts, the kidneys excrete
these until normal composition is restored. The kidneys
are the only means for eliminating the wastes that are the
end products of protein metabolism. They do not them-
selves modify the waste products that they excrete, but
transfer them to the urine in the form in which they are
produced in other parts of the body. The only exception
to this is their ability to manufacture ammonia and hip-
puric acid. Both ammonia and hippuric acid are also
products of metabolism, waste products excreted in the
urine. The kidneys also eliminate drugs and toxic agents.
Thus the kidneys eliminate the unwanted end products of
metabolism, such as urea, while limiting the loss of valu-

able substances such as glucose. In maintaining the acid-

base equilibrium, the kidneys remove the excess of hy-
drogen ions produced from the normally acid-forming
diet and manufacture ammonium radicals to remove
these ions as ammonium salts.

To carry on its functions the kidney is endowed w1th a
relatively huge blood supply. The blood processed in the
kidneys amounts to some 1,250 millilitres a minute, or
1,800 litres (about 475 gallons) a day, which is 400 times
the total blood volume and roughly one-fourth the vol-
ume pumped each day by the heart. Every 24 hours 170~
180 litres (45-47.5 gallons) of water are filtered from the
bloodstream into the renal tubules; and by far the greater
part of this—some 168.5 litres of water together with
salts dissolved in it—is reabsorbed by the cells lining the
tubules and returned to the blood. The total glomerular
filtrate in 24 hours is no less than 50-60 times the volume
of blood plasma (the blood minus its cells) in the entire
body. Only 1.5 litres of water, containing the waste prod-
ucts of metabolism, are passed out as urine in 24 hours, a
fair daily average for an adult man on an ordinary mixed
diet in temperate climates; but the actual volume varies
with fluid intake and occupational and environmental
factors. With vigorous sweating it may fall to 500 milli-
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litres (about a pint) a day; with a large water intake it
may rise to three litres, or six times as much. The kidney
can vary its reabsorption of water to compensate for
changes in plasma volume resulting from dehydration or
overhydration.

The kidneys also perform certain nonexcretory func-
tions. They secrete substances that enter the blood. These
are of two kinds: renin, which is concerned indirectly
with the control of electrolyte balance and blood pres-
sure; and erythropoietin, which is important for the for-
mation of hemoglobin and red blood cells, especially in
response to anemia or deficiency of oxygen reaching the
body tissues. Finally, the kidneys are subject to both ner-
vous and humoral (hormonal) control; but they do pos-
sess a considerable degree of autonomy; i.e., function
continues in the organ isolated from the nervous system
but kept alive with circulating fluid. Indeed, if this were
not so kidney transplantation would be impossible.

VASCULAR CONSIDERATIONS

The two kidneys are bean-shaped organs, more or less
upright, with the convex side away from the centre of
the body, and with the concave side toward it. Within
each kidney are cone-shaped masses, called pyramids,
each with its base toward the convex side of the kidney,
and with the apex: (papilla) protruding into the cavity, or
pelvis, at the concave side of the kidney. A layer of tissue
between the bases of the pyramids and the outside of the
kidney is called the cortex; projections of the cortex ex-
tend down between: the pyramids. The pyramids, col-
lectively, are called the renal medulla. Each pyramid
and its surrounding tissue is called a lobe. The point on
the concave side of the kidney where blood vessels,
nerves, and the ureter enter is called the renal hilum.

The main renal (kidney) artery divides in the renal hilum
into five or six branches, which run outward through the
medulla between the pyramids. At the junction of medul-
la and cortex, the branches give rise to the arcuate ar-
teries, which turn at right angles to run over the bases of
the pyramids between cortex and medulla parallel to the
kidney surface. These arteries in turn give rise to the in-
terlobular vessels, which branch off at right angles and
enter the cortex. Each interlobular vessel is an end ar-
tery; that is, it does not join with its fellows. It gives off
on all sides short wide branches, called afferent arterioles,
thick muscular walled vessels that lead to the glomeruli.
The afferent arterioles split up into the glomerular capil-
laries, forming a.tuft or network enclosed in Bowman’s
capsule.

The glomerulus consists of this capillary bundle en-
folded into the capsule of the nephron. The vessel, called
an efferent arteriole, that carries blood from the capsule
is half the diameter of the afferent vessel but of similar
bore because its muscle coat is thinner; the efferent ar-
teriole breaks up into a second set of capillaries that
branch out around the proximal and distal convoluted
tubules of the same and of neighbouring nephrons. From
this capillary complex around the tubules the blood is
collected into veins that drain via interlobular trunks to
join the renal vein at the hilum. The afferent and efferent
arterioles of the nephron can contract and dilate so as
to condition the glomerular pressure over a wide range.
The tubules receive only blood that has first passed

through a glomerulus. They have little or no direct ar-

terial supply.

The blood supply of the medulla is different from that
of the cortex. The efferent arterioles from adjacent glo-
meruli send out straight branches, called vasa recta, that
descend into the pyramids parallel to the Henle loops.
They conform to the curve of the loops and return after
branching as the ascending vasa recta to join the inter-
lobular veins. The vasa recta form close functional units
with the Henle loops and the collecting ducts in the me-
dulla.

The renal arteries are short and spring directly from the
abdominal aorta, so that arterial blood is delivered to the
kidneys at maximum available pressure. The rate of flow
in the.cortex is many times greater than that in the me-
dulla because of the rich network of vessels around the

nephrons in the cortex. The blood pressure in the glo-
merular capillaries is higher than that in other parts of
the body. Within the kidney there are no interconnec-
tions between the branches of the renal artery, but there
are many between the intertubular capillaries and there
are wide arteriovenous shunts (bypasses between arteries
and veins) in the arcuate zone, the border area between
cortex and medulla. These are unimportant under nor-
mal conditions, because they remain closed in order to
direct all available blood to the cortex; but in certain cir-
cumstances, such as surgical shock, the shunts may di-
vert blood rapidly from the arterial to the venous side of
the circulation and bypass the cortex.

The shunt mechanism, together with arteriolar control
of the afferent-efferent glomerular complex, affords a
wide range of variability in blood supply to different
parts of the kidney. The muscular coats of the arterioles
are well supplied with sympathetic vasoconstrictor fibres
(nerve fibres that induce narrowing of the blood vessels),
and there is also a small parasympathetic supply from
the vagus and splanchnic nerves that induces dilatation of
the vessels. Sympathetic stimulation causes vasoconstric-
tion and reduces urinary output, but severing of the
nerves is without much effect. The vessel walls are also
sensitive to circulating epinephrine and norepinephrine
hormones, small amounts of which constrict the efferent
arterioles, and large amounts of which constrict all the
vessels; and to angiotensin, which is a constrictor agent
closely related to renin.

Because of these factors, the kidney has a remarkable
capacity to regulate its internal circulation regardless of
the systemic blood pressure, provided the latter is not ex-
tremely high or extremely low. The forces involved in
circulation of the blood in the kidneys must remain con-
stant if the monitoring of the water and electrolyte com-
position of the blood is to proceed undisturbed; and this
autoregulation is preserved even in the kidney cut off
from the nervous system and,.to a lesser extent, in the
isolated perfused organ (i.e., in an organ removed from
the body and kept viable by having salt solutions of phys-
iologically suitable concentrations circulated through it).
The exact mechanism by which the kidney regulates its
own circulation is not certainly known, but various the-
ories have been proposed: (1) If systemic blood pressure
rises, the renal blood flow remains constant because of
the increased viscosity of the blood. Normally, the inter-
lobular arteries have an axial (central) stream of red cells
with an outer layer of plasma so that the afferent arte-
rioles skim off more plasma than cells. If the blood pres-
sure rises, the skimming effect increases, and the more
densely packed axial flow of cells in the vessels offers in-
creasing resistance to the pressure, which has to over-
come this heightened viscosity. Thus the overall renal
blood flow changes little. Up to a point, similar con-
siderations in reverse apply to the effects of reduced sys-
temic pressure. (2) Changes in the arterial pressure mod-
ify the pressure exerted by the interstitial (tissue) fluid
of the kidney on capillaries and veins so that increased
pressure raises, and decreased pressure lowers, resistance
to blood flow. (3) If the renal blood flow tends to rise,
there is a higher sodium content in the fluid in the distal
tubules because of the increased filtration rate. This con-
tent stimulates the formation of renin, which causes con-
striction of the vessels and reduction of flow.

The effective renal flow of whole blood is about 1%4—
1¥5 quarts (1,200-1,300 millilitres) per minute, equiva-
lent to a quarter of the resting cardiac output, or 400 mil-
lilitres per 100 grams of kidney substance per minute.
Women have smaller kidneys than men, and the corre-
sponding flow figures are 15 percent less for the same
standard body surface. The plasma flow per minute is
some 600—700 millilitres, but only five-sixths of this, the
effective plasma flow, is actually available for glomerular
filtration, because some blood passes through inert con-
nective tissue. The flow is greater when one is lying down
than when standing; it is higher in fever; and it is reduced
by prolonged vigorous exertion, pain, anxiety, and other
emotions that constrict the arterioles and divert blood to
other organs. It is also reduced by depletion of water
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and salts and, markedly, in shock, including operative
shock, hemorrhage, and asphyxia. A profound fall in sys-
temic blood pressure, as after severe hemorrhage, may
so reduce renal blood flow that no urine at all is formed
for a time. Death may occur from suppression of glo-
merular function if dehydration causes a fall in pressure.
Simple fainting causes vasoconstriction and reduced
urine output. Urinary secretion is also stopped by ob-
struction of the ureter when back pressure reaches a crit-
ical point.

The importance of these vascular factors lies in the fact
that the basic process occurring in the glomerulus is one
of filtration, the energy for which is furnished by the
blood pressure within the glomerular capillaries; and the
higher this pressure, the greater the filtration rate. In-
deed, the volume of urine formed depends more on the
blood pressure than on the actual volume of blood flow.
Glomerular pressure is a function of the systemic pres-
sure as modified by the tonus (state of constriction or
dilation) of the afferent and efferent arterioles, as these
open or close spontaneously or in response to nervous or
hormonal control. Constriction of the afferent vessels
reduces blood flow, glomerular pressure, and filtration
rate. Efferent constriction also causes reduced flow, but
raises glomerular pressure and filtration. The arteriove-
nous shunt system comes into play only exceptionally, as
after severe crushing injuries, when it may divert the
blood flow massively from cortex to medulla and so
cause a fatal destruction of cortical substance.

THE FORMATION OF URINE

The urine leaving the kidney shows great differences in
composition from the plasma entering it (Table 1). The
study of renal function must account for these differ-
ences; e.g., the absence of protein and glucose from the
urine and the very high levels of ammonia and creatinine
in the urine, while sodium and calcium remain at sim-
ilar low levels in both urine and plasma.

Table 1: Relative Composition of Plasma and
Urine in Normal Men

plasma urine concentration

g/100 ml g/100 ml in urine
Water 90-93 95 —_
Proteins and 7-8.5 — —_

other colloids

Urea 0.03 2 X 60
Uric acid 0.002 0.03 X 15
Glucose 0.1 — —_
Creatinine 0.001 0.1 X 100
Sodium 0.32 0.6 X2
Potassium 0.02 0.15 X7
Calcium 0.01 0.015 X 1.5
Magnesium 0.0025 0.01 X4
Chloride 0.37 0.6 X2
Phosphate 0.003 0.12 X 40
Sulfate 0.003 0.18 X 60
Ammonia 0.0001 0.05 X 500

The modern view of the formation of urine is briefly as
follows: a large volume of ultrafiltrate—a liquid from
which the blood cells and the blood proteins have been
filtered out—is produced by the glomerulus into the cap-
sule. As this liquid traverses the proximal convoluted tu-
bule, most of its water and salts are reabsorbed, some of
the solutes completely and others partially; i.e., there is a
separation of substances that must be retained from those
due for rejection. Subsequently the loop of Henle, distal
convoluted tubule, and collecting ducts are mainly con-
cerned with the fine control of water and electrolyte bal-
ance.

Glomerular filtration. Urine formation begins as a
process of ultrafiltration of a large volume of blood plas-
ma from the glomerular capillaries into the capsular
space, colloids such as proteins being held back while
crystalloids (substances in true solution) pass through.
About 20 percent of the water in the plasma, together
with its dissolved crystalloids, traverses the glomerular
membrane, leaving the protein constituents behind. The
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actual filtration membrane consists of the wall of the
capillaries, which is largely endothelium, or lining, and
the wall of the capsule, the permeability of which is such
as to suggest that it acts as a porous membrane and that
the diameter of its pores determines the size of the mole-
cules filtered. The pore size is just small enough to retain
the plasma proteins. The smallest protein molecule—
serum albumin, of molecular weight 72,000—is detained,
whereas free hemoglobin (68,000) and gelatin (35,000)
pass freely. An alternative theory is that plasma solutes
diffuse across the basement membrane. But glomerular
function accords with the known characteristics of arti-
ficial porous membranes in that larger particles pass as
rapidly as smaller ones and all molecules smaller than
the filter pores are transmitted. The only difference be-
tween plasma and filtrate is the absence from the latter
of molecules above a certain borderline size. Since the
capsular filtrate is a true ultrafiltrate, a rise in arterial
pressure increases its volume and a rise in ureteric back
pressure decreases it. Normally no protein passes the
filter, but normal filtration depends on proper nutrition
and oxygenation of glomeruli and capsules, and if these
are damaged by lack of oxygen or by disease they be-
come more permeable, and plasma proteins enter the
urine. It should be added that certain quite healthy indi-
viduals, mostly young, have albuminuria (plasma protein
albumin in the urine) when they are standing but not
when they are recumbent, and that there is often tem-
porary albuminuria during pregnancy, from pressure on
the renal veins.

Thus the initial filtrate is produced by entirely physical
means. It contains all the substances present in blood,
and in the same concentration as in the blood, except the
colloids and fats. It is virtually protein-free, it is isotonic
(in balance) with plasma, and contains glucose, urea,
creatinine, uric acid, and blood electrolytes. Animal ex-
periments confirm that fluid collected directly from Bow-
man’s capsule is identical in composition with plasma,
minus only the protein of the latter.

The driving force in filtration is the blood pressure in
the glomerular capillaries, some 70 millimetres of mer-
cury (mm Hg). (The average pressure in the arteries
varies from about 80 to about 120 mm Hg.) But the ef-
fective filtration pressure is less than this because the
osmotic pressure of the plasma proteins tends to retain
water in the plasma and because of resistance within the
capsule and from surrounding tissues. Pressure in the
veins, in the ureters, and outside the kidneys also has to
be overcome. Glomerular pressure must be greater than
that in the capsule and capsular pressure must exceed the
pressure in the ureter if urine is to flow normally. In
practice, the effective glomerular pressure must always
exceed at least 45 mm Hg, and probably 60 mm.

Tubule function. The role of the tubules may be as-
sessed by comparing the amounts of ‘various substances
in the filtrate and in the final urine (Table 2).

Table 2: Effect of Tubular Reabsorption
on Urine
(24-hour figures)

glomerular urine  tubular

filtrate reabsorption

(percent)

Water 1701 1.51 99.1
Glucose 170 g — 100
Sodium 560 g 5g 99.1
Chloride 620 g 9¢g 98.5
Phosphate 51¢g 1.2g 76.5
Calcium 17g 02g 98.8
Urea 51g 30g 41.4
Sulfate 34¢g 27¢g 20.6

It is apparent that the filtrate must be modified in the
tubules to account for the differing compositions of fil-
trate and final urine; e.g., to allow for the total absence
of glucose in the latter, the much smaller volume of urine
than filtrate, and also for the acidity of urine compared
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with the neutrality of the filtrate. It is also clear that the
composition of the fluid reabsorbed within the proximal
tubule must be similar to filtrate, but not identical with
it. It has less urea and sulfate and no creatinine, for these
are wastes.

As the filtrate passes along the proximal tubule, most of
its water and salts are reabsorbed into the blood of the
network of capillaries around the tubules. Of other sub-
stances, some are reabsorbed completely, others in part,
because this portion of the nephron separates substances
that must be retained in the bedy from those destined for
excretion in the urine. The function of the proximal tu-
bule is essentially reabsorption of filtrate in accordance
with the needs of homeostasis (equilibrium), whereas the
distal part of the nephron and collecting duct are mainly
concerned with the detailed regulation of water, elec-
trolyte, and hydrogen-ion balance. All these tubular pro-
cesses are both chemical and physical and are under
hormonal control. Although the urine differs so marked-
ly from filtrate, if tubule function is experimentally re-
duced by cooling or poisoning, the urine will come in-
creasingly to resemble the filtrate. Also, the more rapidly
filtration occurs, the less time there is for the urine to be
modified during its passage through the tubules.

That tubular reabsorption occurs is established by ani-
mal experiments showing that filtrate withdrawn directly
from the capsules contains substances, such as chlorides,
that are much reduced or absent in fluid collected from
the tubules. Absorption affects all the glucose of the fil-
trate, 80 percent of its water (the remainder is absorbed
in the distal tubule), most of the sodium, potassium, and
chloride ions, some of the uric acid, and little or none of

the urea and sulfate. Of the total solids 75 percent are-

reabsorbed in the proximal tubule, leaving a fluid isotonic
with the plasma of arterial blood. The first part of the
tubule absorbs amino acids, glucose, and phosphate; the
whole convolution absorbs sodium, potassium, calcium,
chloride, and bicarbonate and acidifies the fluid slightly.
Potassium is absorbed in the proximal tubule and se-
creted back into the urine in the distal tubule.

The tubule has only a certain capacity for reabsorption.
Thus, normally all the glucose arriving in the filtrate is
absorbed; but if plasma glucose is raised high enough,
the glucose arrives at the tubule cells faster than they can
absorb it—a condition that occurs in diabetes; in other
words, there is a critical rate of delivery determined by
plasma concentration and filtration rate, and a maximum
reabsorptive capacity for each substance in the filtrate.
The rate of tubular reabsorption has an upper maximum
value that is constant for any given substance. Conse-
quently, if the plasma level rises sufficiently, all surplus
of the substance will pass out in the urine; this is true
even for glucose, which is totally reabsorbed under nor-
mal conditions. On the other hand, the upper maximum
value is much lower for phosphates, so there is normal-
ly always some phosphate in the urine. The amino acids
also have their own maximum tubular reabsorption value,
but this is high enough to ensure that they are entirely re-
absorbed under normal conditions; in certain rare in-
herited disorders such as cystinuria, in which there is ex-
cessive excretion of cystine, their reabsorption is reduced.

Such little secretion as does occur in the kidney takes
place in the proximal tubule, save for the secretion of
potassium and some uric acid in the distal tubule. Secre-
tion occurs both passively and also actively against the
electrochemical gradient (passive secretion is movement
of dissolved substances from a stronger to a weaker solu-
tion; active secretion, so called because it requires ex-
penditure of energy, is from a weaker to a stronger solu-
tion). These actively secreted substances are mainly a
few metabolic products; such as creatinine, histamine,
and choline, as well as some drugs, such as penicillin.
(The therapeutic level of penicillin in the plasma can be
enhanced and prolonged by administering agents that
block tubular secretion.) But any substance for which
renal clearance exceeds filtration rate must be to some
extent secreted. .

Of the water in the filtrate 80-85 percent is reabsorbed
as a passive accompaniment to the active reabsorption of
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80-85 percent of the sodium ions in the filtrate. The en-
ergy required for absorption of this sodium uses 80 per-
cent of the oxygen consumed by the kidney, and repre-
sents one-eighth of the oxygen consumption of a resting
man. The water is absorbed because of the osmotic needs
of the passage of sodium and chloride ions out of the
tubular fluid, and water must accompany these ions as a
vehicle to prevent a rising osmotic gradient (i.e., to pre-
vent a rising difference in the concentration of the sodium
solution inside and outside the tubule). The sodium ions
move passively from fluid to cells and are then actively
expelled into the blood against a gradient at the cell
membranes. The transfer of chloride ions is also a pas-
sive obligatory transfer to complement the sodium ions.
The overall effect is to keep the osmotic pressure of the
fluid roughly identical with that of the filtrate through-

out the proximal tubule, so that fluid entering the distal

nephron, though much less in volume, is still in balance
with plasma. The mechanism by which the degree -of
acidity or alkalinity of the fluid is stabilized in the tubule
is the bicarbonate cycle.

The proximal tubule cell synthesizes carbonic acid
from carbon dioxide and water under the influence of
carbonic anhydrase. The carbonic acid then dissociates,
and bicarbonate ions with reabsorbed sodium ions enter
the tubular fluid and then enter the blood and the extra-
cellular fluid. Hydrogen ions enter the tubular fluid and
most combine with bicarbonate to form carbonic acid.
The partial pressure of carbon dioxide in the tubule fluid
rises and the gas diffuses back into the tubule cell. Thus
the bicarbonate actually reabsorbed is not that of the
filtrate, but the net effect is the same as if this were the
case. :

The proximal tubular reabsorption of phosphate is com-
plex and is affected by the phosphate content of the
filtrate and plasma, the diet, and the hormone of the
parathyroid glands. Phosphate competes with glucose
for reabsorption, and its reabsorption is reduced by
parathyroid hormone and by vitamin D and increased by
a high dietetic intake.

The loop of Henle begins as a descending limb running
towards the medulla from the proximal tubule; it then
turns back in a hairpin bend to become the ascending
limb running in a parallel course back to the distal
convoluted tubule. Most of the loops originate from
peripheral glomeruli in the cortex and are restricted to
the cortex; but about a tenth arise from glomeruli near
the medulla in the deeper layers of the cortex and ex-
tend well down in the pyramids toward their tips. These
long loops and their accompanying vasa recta are im-
portant in concentrating the urine.

The fluid entering the loops from the glomeruli is in

balance with plasma, and one function of the loops is to
produce and maintain a state of increased concentration
in the fluid occupying the bends of the loops; i.e., in the
deeper cortical and medullary parts of the kidney. It
is- now assumed that this increased concentration is
achieved by what is known as countercurrent multiplica-
tion. The principle of this mechanism is analogous to the
physical principle applied in the conduction of hot ex-
haust gases past cold incoming gas so as to warm it and
conserve heat. That exchange is a passive one; but in the
kidney. the countercurrent multiplier system uses energy
in transferring substances independent of concentration
gradients to produce hypertonicity (high concentrations)
at the bends of the loops and in the tissue fluid in the
adjacent medulla.
. The process may continue until the urine acquires an
osmotic concentration many times that of plasma, and
this tonicity is shared by the interstitial tissues and tissue
fluid of the medulla, which is hypertonic compared with
the cortex. The substances active in maintaining this high
osmotic concentration are urea and sodium. There is
more sodium at the-bends of the loops, where the fluid is
more concentrated. In the ascending limb sodium is ab-
sorbed more rapidly than water, so that the fluid leaving
the system and arriving at the distal convoluted tubule is
more dilute than that entering.

The functions of the distal tubule are: (1) urinary dilu-
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tion, (2) final regulation of the amount of ammonium in
the urine, (3) final regulation of the amounts of sodium,
potassium, and hydrogen ions in the urine, (4) acidifica-
tion of the urine, (5) transport of potassium and chloride
ions, and (6) calcium excretion.

The fluid from the proximal tubule is isotonic with
filtrate and plasma, but it is so altered in the loop of
Henle that it arrives diluted at the distal tubule. The
formation of a dilute urine is' a function of the distal

tubule, this part of the nephron being normally rather

impermeable to water. The tubule also produces a fine
and final adjustment of acid-base balance in the blood-
urine system. There is a “sodium pump” in the tubule,
activated by a hormone of the cortex of the adrenal
gland, which pumps sodium out of the tubule into the
tubule cells and extracellular fluid in exchange for potas-
sium and hydrogen ions: The “pump” is very effective;
and if the diet is salt-free the urine will contain little or
no sodium.

Most of the urinary ammonia is formed in the distal
tubules from glutamine (an amino acid). The more acid
the urine is, the greater is its content of ammonium ions,
which unite with obligatorily excreted surplus anions
(negative ions) such as chloride, sulfate, and phosphate,
thus sparing other cations (positive ions) such as sodium
and potassium. The excretion of calcium and phosphate
runs in parallel; most of the calcium is excreted as
phosphate.

The collecting ducts receive dilute fluid, and concentrate
it by means of reabsorption of water and salts as a fine
adjustment to bodily needs under the ultimate control
of a hormone that reduces urine output secreted by the
posterior lobe of the pituitary gland—i.e., ADH, or vaso-
pressin. Basically, the final volume of urine excreted is
determined, first, by the amount of osmotically active
solutes filtered at the glomeruli and, second, by the
amount of circulating ApH. The first amount is a function
of the effective filtration pressure. Some 130 millilitres
of filtrate are formed every minute, and of this perhaps
16 millilitres reaches the distal tubules. As the rate of
urine formation is only one millilitre per minute, the re-
absorption of fluid within the collecting ducts must be 15
millilitres per minute; i.e., some 12 percent of all water
reabsorption in the kidney occurs in the ducts, and this
reabsorption results in progressive concentration of the
urine. It is reconcentrated in the ducts to the osmotic
pressure—the concentration—of the fluid in the bends of
the loops of Henle. The concentrating power has its lim-
its, the limit being reached when the osmotic pressure of
the urine (due mainly to its urea and salt content) be-
comes high enough to balance the resorptlve power of
the duct cells.

The variable amount of water reabsorption in the duct
is determined under the direct influence of vasopressin
(ADH), which increases the permeability of the duct lining
to water. The secretion of this hormone by the pituitary
is part-of a feedback mechanism responsive to the tonic-
ity of plasma and extracellular fluid. This interrelation
between plasma osmotic pressure and ADH output is
mediated by specific and very sensitive receptors in the
base of the brain. These receptors are particularly sensi-
tive to sodium and chloride ions. At normal blood tonic-
ity there is a steady receptor discharge and a steady
stimulation of ADH output. If the plasma becomes hyper-
tonic—has greater osmotic pressure than normal—from
the ingestion of crystalloids such as sodium chloride, re-
ceptor discharge increases, ADH output goes up, and more
water is absorbed from the ducts. If the osmotic pres-
sure of the plasma becomes low, the reverse is the case.
On the other hand, water ingestion dilutes the body fluids
and reduces or abolishes ADH secretion, resulting in a
water diuresis (excretion) so that larger amounts of
tubular fluid enter the urine.

The situation is complex because there are also receptors
in the atria of the heart and in the great blood vessels
sensitive to changes in blood volume; and these receptors
too, can reflexly inhibit ADH output if there is any ten-
dency to excessive blood volume. Exercise increases ADH
output and reduces urinary flow. The same result may
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follow emotional disturbance, fainting, injury, or the use
of certain drugs. Diuresis is an increased flow of urine
produced as the result of fluid intake, hormone activity,
or the taking of certain drugs. Urea and salts are diuretics
because they have the power of retaining water within
the tubules. If ADH secretion is inhibited by drinking ex-
cess water, or by disease or tumour affecting the base of
the brain, water diuresis results; and the rate of urine
formation will approach the figure of 16 millilitres per
minute filtered at the glomeruli. In certain pituitary dis-
orders—diabetes insipidus—there may be a fixed and ir-
reversible output of a large quantity of dilute urine.

In general, the fluid entering the collecting ducts is
either in balance with plasma or more dilute than plasma;
the duct wall remains permeable under the influence of a
steady output of ADH; more water than solute is re-
absorbed, and the urine becomes concentrated, basically
because of the osmotic gradient between the dilute fluid
in the ducts and the highly concentrated interstitial fluid
in the renal medulla produced by countercurrent pro-
cesses in Henle’s loops. In this final process of concentra-
tion, the collecting ducts and their accompanying vasa
recta act as powerful exchange units in relation to the
medulla.

TESTS OF RENAL FUNCTION

Quantitative tests. - Tests of kidney function include
renal (kidney) clearance, filtration fraction and glomer-
ular filtration rate, excretion rate, and reabsorption of
glucose. The results of each test are measured against

‘standard or normal values to assess degree of abnormal-

ity.

The renal clearance of any substance is the volume of
plasma containing that amount of the substance that is
removed by the kidney in one minute. The basic formula
is as follows: the clearance for the substance, in millilitres
per minute, equals the concentration of thé substance in
the urine multiplied by the volume of urine excreted per
minute and divided by the plasma concentration of the
substance (C = U X V/P). It is obvious that clearance
is really -an artificial concept, since no portion of the
plasma is ever really cleared. Taking urea, for instance,
if the plasma concentration is 30 milligrams (mg) per
100 millilitres and the amount of urea excreted by the
kidneys in one minute is 20 milligrams, then 67 millilitres
of plasma contains the amount of urea excreted in a
minute. In fact, the plasma flow through both kidneys is
some 700 ml per minute containing 210 grams urea; of
this, 120 ml containing 36 mg urea is filtered through
the glomeruli per minute, and of this urea 20 mg escapes
in the urine, some being reabsorbed in the tubules. Thus
the clearance value for urea is an abstraction, but is use-
ful in assessing kidney function.

The filtration fraction (FF) represents the proportion of
the plasma passing through the glomeruli that is actually
filtered off. As can be seen from the example given, this
fraction is some 15-20 percent (120 out of 700 ml). It
is that percentage of the renal plasma flow that is actually
turned into glomerular filtrate, since the fraction is equal
to the glomerular filtrate divided by the renal plasma
flow.

The glomerular filtration rate (GFR) is the volume of
filtrate formed in unit time. It can be readily measured
by injecting into the bloodstream some nontoxic agent,
soluble in plasma, not metabolized, freely filtered at the
glomerulus, neither secreted nor reabsorbed by the tu-
bules, and capable of accurate estimation in blood and
urine. In these circumstances the filtrate will contain the
substance in the same concentration as in the plasma,
and all of it will be recoverable from the urine. In these
conditions the clearance value and the glomerular filtra-
tion rate will be identical. Such a substance is the carbo-
hydrate inulin. If this is given intravenously at such a
rate as to maintain a constant plasma concentration of
inulin, then the product of the concentrations of inulin
in the urine and the volume of urine passed per minute,
divided by the plasma concentration of inulin, is equal to
the volume of filtrate per minute, and also to the volume
of plasma completely freed of inulin per minute.
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This procedure gives a simple measure of the actual
glomerular filtration rate, which is independent of any
actual constituent of blood or urine. In the normal adult
the glomerular filtration rate is 125 ml per minute per
1.73 square metres of body surface. In the glomeruli of
both kidneys together some 125 ml of fluid is filtered off
each minute from the blood through the walls of the
glomerular capillaries into the capsules of the nephrons,
a filtrate, as has been seen, identical with plasma except
that it contains no colloids. Female values are about 85
percent of these for the same standard area of body sur-
face.

It follows from the above that for a substance partly re-
absorbed from the fiitrate when it reaches the tubules,
the clearance value will be less than the glomerular
filtration rate; while, for a substance that is additionally
excreted into the tubules, the clearance value will exceed
the glomerular filtration rate. Experimentally, the clear-

ance values for inulin, creatinine, and sodium ferricya- .

nide are identical, which suggests that all must be dealt
with by physical filtration at the glomeruli and that the
tubules exert no influence on their further excretion.

Clearance value is not the same as excretion rate. For
inulin and some other compounds, the clearance value
is not altered by changing the amount of inulin in the
plasma, because the amount of urine completely cleared
of the agent remains the same. But the excretion rate
equals total quantity excreted per millilitre of filtrate
per minute, and this value increases in linear relation
with the plasma concentration.

So far, clearance and other factors in terms of sub-
stances filtered at the glomerulus have been measured.
But there are certain substances, such as p-aminohip-
puric acid (paH) and iodopyracet, which are vigorously
and totally excreted by the tubules after some glomerular
filtration and are completely removed from the blood
traversing the kidney if their plasma level is small. In
such cases the clearance rate equals the renal blood flow.
Thus, if plasma iodopyracet is one milligram per 100
millilitres, and the glomerular filtration rate (GFR) is 120
millilitres per minute, then this glomerular filtration rate
is equivalent to a urinary content of 1.2 milligrams
iodopyracet. Five hundred and eighty millilitres of plas-
ma reach the tubules each minute. If the plasma con-
tains one milligram of iodopyracet per 100 ml, it contains
580 mg iodopyracet, and the tubules actively secrete the
whole of this from the blood so that all the original
iodopyracet in the blood is excreted.

The maximum rate of reabsorption of glucose by the
proximal tubule and the maximum rate of secretion of
p-aminohippuric acid by the tubule are both indices of
the maximum functioning ability of the proximal portion
of the renal tubules. To arrive at this value for a particu-
lar substance, it is necessary first to assess the proportion
of the substance excreted through the tubule rather than
elsewhere (e.g., at the glomeruli).

The urea clearance, another effective test of renal func-
tion, is determined from the urea content of the urine
and the urea content of the blood, measured at fixed
intervals for two or three hours after drinking water to
induce diuresis. The dilution test measures the kidney’s
response to a water load, as shown by the excretion of
appropriately dilute urines. The level of blood urea is
itself a useful index of renal function. But if protein in-
take is very low, the blood urea may be a less sensitive
index of renal function than the blood creatinine, since
the latter is much less affected by the nature of the diet.

Qualitative tests of renal function. It is often desirable
to establish that a particular kidney is present and func-
tioning—that there is a healthy kidney present on one
side before an organ on the other side is removed or be-
fore the opposite kidney is transplanted. The simplest
method is to give an intravenous injection of some dye
such as methylene blue and to inspect the ureter openings
through a cystoscope (an instrument for viewing the in-
side of the bladder) to note the jets of coloured urine.
In intravenous pyelography (1vp) the kidneys are ob-
served in X-rays by intravenous injection of a radio-
opaque-iodine-containing contrast medium that they se-

lectively excrete. A series of X-rays then indicates when
the contrast first appears and brings out the dense
shadows of the renal structures; they also indicate the
position of the organ; finally the dye collects in the blad-
der; it is then possible to see whether there is rupture or
tumour in this structure. This test also gives a rough
comparison of function in the two kidneys.

Retrograde pyelography is more an anatomical than a
functional test. In the procedure, a fine catheter is passed
into a ureter opening and up one ureter, and radio-
opaque dye is injected to outline the ureter, renal pelvis,
and calices. The test may be useful in showing that an
organ that fails to perform in an IvVP is nevertheless
preseni. The radioactive renogram is obtained by inject-
ing an agent tagged with a radioactive form of iodine.
The radiation is detected with counters placed over the
kidneys, and the counts can be transcribed on moving
graph paper, yielding typical time curves for normal and
disordered function. Finally, there is the scintillogram,
obtained by injection of gamma-ray-emitting substances
that are concentrated and persist in the kidneys. An agent
such as an isotope of mercury can be used to render the
kidney capable of producing exposure of an X-ray plate
in the vicinity; that is, an autoradiogram to indicate the
site, size, and shape of the organ and the presence of de-
fects suggestive of cysts or tumours.

THE URINE

The volume and composition of normal urine vary
widely from day to day even in health, as a result of
food and fluid intake and of fluid loss through other
channels as affected by environmental conditions and
exercise. The daily volume averages 1.5 litres (about 1.6
quarts) with a range of 1-2.5 litres, but after copious
sweating it may fall as low as 500 millilitres, and after
excess fluid intake it may reach 3 litres or more. There is
also a 24-hour variation. Excretion is minimal in the
early hours, maximal during the first few hours after ris-
ing, with peaks after meals and during the early stages of
exertion. The urine produced between morning and eve-
ning is two to four times the night volume. The excessive
secretion of urine (polyuria) of chronic renal disease is
typically nocturnal.

The volume of urine is regulated to keep plasma osmotic
concentration constant, to control the total water content
of the tissues, and to provide a vehicle for the transfer
to the exterior of some 50 grams (g) of solids, mostly
urea and sodium chloride, in a day. In a man who ingests
100 g of protein and 10 g of salt daily, the urine will con-
tain 30 g of urea and 10 g of salt; there are many other
possible constituents, but they amount to less than 10 g
overall.

Some urinary constituents (Table 3), the products of
metabolism of nitrogenous substances obtained from
food, vary widely in relation to the composition of the
diet; thus the excretion of urea and sulfate is dependent
on the diet-protein content. A high-protein diet may yield
a 24-hour output of 17 g of nitrogen, a low-protein diet
of the same calorific value only 3—4 g.

The urine is normally clear. It may be turbid from
calcium phosphate, which clears if acetic acid is added.

Table 3: Urine Constituents
(g/24 hours)
Urea 25-30
Uric acid .6-0.7
Creatinine 1.0-1.2
Hippuric 0.7

acid
Ammonia 0.7
Amino acids 3.0
Sodium 1-5 (NaCl 15.0)
Potassium 2-4
Calcium 0.2-0.3
Magnesium 0.1
Chloride 7
Phosphate 1.7-2.5
Sulfate 1.8-2.5
Iron 0.003
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Certain deposits may settle on standing: mucus from the
lining of the urinary tract; a brick-red amorphous de-
posit of urates as the urine cools, redissolving on warm-
ing; crystals of calcium oxalate, triple phosphate, or
calcium biphosphate in acid urine. Microscopic deposits
include occasional casts, vaguely resembling in form the
renal tubules from whose lining they have been shed.

The urine froths when shaken because of the presence
of bile salts. Its colour depends on the concentration, but
is normally a bright clear yellow from the pigment uro-
chrome, an end product of protein metabolism. There
are also traces of other pigments: urobilin and uro-
erythrin. The content of protein or amino acids is nor-
mally very small, less than 100 milligrams in a 24-hour
period.

The specific gravity of urine may vary between 1.001
and 1.04, but is usually 1.01-1.025. Such variation is
normal, and a fixed low specific gravity is an indication
of chronic renal disease. If fluid intake is stopped for 24
hours, even a normal kidney will secrete urine with a
specific gravity of at least 1.025. There is a limit to the
concentrating powers of the kidney, so that the urine is
rarely more than four times as concentrated as plasma.
Since the protein and salt of the diet must be excreted,
they need a minimum water output of 850 ml as a ve-
hicle. If this is not available from intake it has to be
withdrawn from the tissues, causing dehydration; but the
usual intake is well above the minimum and the urine is
rarely at its maximum possible concentration. Osmotic
pressure runs roughly parallel to specific gravity.

The reaction of the urine is usually acid, with an over-
all range of pH 4 to 8 (lemon pie has a pH of 2.3; the
value 8 is slightly alkaline, about equal to the pH of a
1 percent solution of sodium bicarbonate). The acidity
is due to the excreted acid products of metabolism, the
conversion of the sulfur and phosphorus of ingested
proteins to sulfuric and phosphoric acid, buffered by po-
tassium and ammonium. There is normally an excess of
hydrogen over hydroxyl (OH) ions. This condition as-
sumes a mixed diet containing some meat. If the diet is
predominantly vegetarian or fruitarian, it contains sodi-
um and potassium salts of organic acids, and the latter
are metabolized leaving alkaline residues in the urine.
Medicinal consumption of bicarbonate also gives an al-
kaline urine.

Of the anions, the chlorides are derived from the food
and vary with intake; they may disappear on a salt-free
diet or after major surgical operations. Sulfates result
from oxidation of the sulfur in protein and are excreted
as sulfates of calcium, potassium, sodium, magnesium,
and ammonium. There is some sulfur passed as thio-
cyanate, cysteine, and mercaptan. Phosphate comes in
part from the food, in part from oxidation of organic
phosphates in food and tissue lecithins and nucleins. It
can leave the body in either the feces or the urine; if
there is much calcium or magnesium in the food, there
will be more phosphate in the feces and less in the urine.
Phosphates are present in the urine in forms which, if
the urine is neutral or alkaline, may precipitate as a de-
posit. The phosphate formed by putrefaction of normal
urine, ammonium phosphomagnesiate, yields crystalline
deposits.

Of the cations, potassium varies with the diet, being in-
creased by a high meat consumption; sodium also varies
with intake. Calcium and magnesium are always present
but in small amounts. There is always some ammonia,
secreted in the distal tubules as a complement to acids
derived from the food.

Organic components are nitrogenous or non-nitroge-
nous. As stated, the loss of nitrogen is dependent on diet.
Urea accounts for up to 90 percent, ammonia 2 to 4 per-
cent, creatinine 3 percent, uric acid 1 to 3 percent. There
is also nitrogen in hippuric acid and in the various pig-
ments. The urea content is an important index of the
state of protein metabolism. There is an excess of urinary
(and plasma) uric acid in gout. There are also traces of
purine bases: xanthine, hypoxanthine, and adenine; tea
and coffee drinking yield caffeine, theobromine, and de-
rivatives. The hippuric acid is synthesized in the liver and
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increases on a vegetarian diet. The non-nitrogenous or-
ganic constituents include oxalic acid from the food (e.g.,
rhubarb), lactic acid (increased by exertion), derivatives
of the water-soluble vitamins and sex hormones, with
many different intermediate metabolites at various times.

Foreign proteins of molecular weight less than 68,000
are excreted in the urine, while those of the plasma are
retained in the body. If, however, the kidneys are dam-
aged by disease or toxins, the glomeruli will transmit
some of the normal serum albumin and globulin and the
urine will coagulate on warming. Normally, the urine
contains only very small amounts of protein: after exer-
cise, in pregnancy, and in some persons when standing
(orthostatic albuminuria). The protein loss may be great-
ly increased in certain chronic renal diseases; in nephrosis
it may even reach 50 milligrams in a 24-hour period. Cer-
tain specific and easily identifiable proteins appear in the
urine in diseases of the bone marrow.

Glucose is found in the urine in diabetes mellitus; but
there may also be an abnormal amount of glucose in
the urine because of a low threshold for tubular re-
absorption, without any disturbance of glucose metabo-
lism. Glucuronic acid is an oxidation product of glucose
and is a detoxicating agent, combining with poisons in
the liver to form glucuronides, which are excreted. Lac-
tosuria (abnormal amount of lactose in the urine) may
occur in nursing mothers. Ketone bodies (acetone, aceto-
acetic acid) are present in traces in normal urine but in
quantity in severe untreated diabetes and in relative or
actual carbohydrate starvation; e.g., in a person on a
high-fat diet.

The urine may contain hemoglobin or its derivatives
after hemolysis (liberation of hemoglobin from red blood
cells), after incompatible blood transfusion, and in malig-
nant malaria (blackwater fever). Fresh blood may derive
from bleeding in the urinary tract. Bile salts and pig-
ments are increased in jaundice, particularly the obstruc-
tive variety; urobilin is greatly increased in certain dis-
eases such as cirrhosis of the liver.

Porphyrins are normally present only in minute amounts
but may be increased in congenital porphyria, marked by
sensitivity to sunlight or by insanity, or after poisoning
with the drug sulfonmethane, when there is purple urine.

Finally, the normally extremely small quantities of
amino acids in the urine may be much increased in hepa-
titis, in failure of tubular reabsorption and in certain
diseases due to inborn errors of protein metabolism.
Phenylketonuria, a disease identified by the presence of
phenylpyruvic acid in the urine, is due to lack of the
enzyme phenylalanine hydroxylase, so that phenylalanine
is converted not to tyrosine but to phenylpyruvic acid.
This is excreted and its presence in blood and tissues
causes mental retardation; if the urine of every newborn
infant is tested, restriction of phenylalanine in the diet
in such cases may be beneficial. Alkaptonuria, a disease
identified by the presence of homogentisic acid in' the
urine, is due to lack of the enzyme that catalyzes the
oxidation of homogentisic acid. Free homogentisic acid
in the urine darkens on standing, and deposits of the acid
in the tissues may cause chronic arthritis or spinal disease.
Other such disorders are cystinuria, the presence of the
amino acid cystine in the urine, when the bladder may
contain cystine stones; and maple syrup disease, another
disorder involving abnormal levels of amino acid in the
urine and blood plasma.

URINE COLLECTION AND EMISSION

From the nephrons the urine enters the final 15 or 20
collecting tubules that open on to each papilla of the
renal medulla, projecting into a minor calyx. There are
some five to ten of these cuplike recesses, opening into
two or three major calices, and these in turn open into
the renal pelvis, the upper expanded portion of the
ureter. The pelvis and calices together make up the renal
sinus, which has been mentioned earlier. The ureter is a
narrow thick-walled muscular tube that begins at its
junction with the pelvis of the kidney, descends on the
posterior abdominal wall behind the lining of the ab-
dominal cavity (peritoneum), and opens into the base of

Abnormal
constitu-
ents

of urine

Passage

of urine
from
nephron to
bladder



42 Excretion, Human

Innerva-
tion of
bladder
and
urethra

the bladder. The ureters pass very obliquely through the
thick musculature of the bladder wall, so that their
orifices are virtually valvular, and this situation ensures
that there is normally no reflux, or backflow, of urine
when' the bladder contracts during micturition (passage
of urine).

Urine is passed down the channel of the renal pelvis and
ureter by a succession of peristaltic waves of contraction
that begin in the muscle fibres of the minor calices,
travel out to the major calices and then along the ureter
every 10-15 seconds. Each wave sends urine through the
ureteric orifice into the bladder in discontinuous spurts;
these can be seen through a cystoscope if a dye is in-
jected intc the bloodstream. Gravity aids this downward
flow, which is faster when one is standing erect. Though
the overall picture suggests that there is a pacemaker
near the pelviureteric junction, this has never been satis-
factorily demonstrated in the tissue. The pressure in the
renal pelvis is normally low, but the smooth muscle coat
of the ureter is a powerful one and the pressure above
an obstructed ureter may rise as high as 50 millimetres
of mercury. The ureters are doubly innervated from the
splanchnic nerves above and the hypogastric network be-
low.

The bladder.
organ of variable capacity, with a powerful intermediate
muscle coat that empties the organ when it contracts,
and two muscular sphincters that keep the exit closed
at all other times. This smooth muscle coat constitutes
the powerful detrusor muscle. At the base of the bladder
the region of the bladder neck, or trigone, is demarcated
by the two ureteric orifices and the internal opening of
the urethra, the channel that runs from the bladder to
external urinary meatus. Muscle fibres loop around the
urethral opening to form the internal sphincter, which is
under involuntary unconscious control. The external
sphincter consists of two striated (striped) muscles under
voluntary control: the compressor urethrae, which sur-
rounds the membranous urethra, and the pair of bulbo-
cavernosus muscles.

The mucous membrane lining the bladder is distensible;
it is ridged in the empty organ and smoothed out ‘in
distension. In micturition the longitudinal muscle of the
bladder shortens to widen the bladder neck and allow
urine to enter the urethra. The urethra normally contains
no urine except during the act of micturition, its walls re-
maining apposed by muscle tone. In the male, but not in
the female, the external sphincter can maintain conti-
nence even if the internal sphincter is not functioning.

The innervation of the bladder and urethra is complex
and important. Essentially, there are three groups of
nerves: (1) The parasympathetic nerves constitute the
main motor supply to the detrusor; they make it con-
tract, raise pressure within the bladder, relax the internal
sphincter, and cause emptying. Afferent parasympathetic
channels convey impulses from stretch receptors in the
bladder wall to higher centres, permitting cognizance of
the state of distension of the organ and stimulating the
desire to micturate. (2) The sympathetic nerves stimulate
closure of the ureteric and internal urethral orifices and
contraction of the internal sphincter, and their action on
the detrusor is inhibitory; i.e., the effect is to prevent
bladder outflow. Thus the sympathetic serves to control
the situation in the distending bladder up to the point
when evacuation can be deferred no longer. Afferent
paths in the sympathetic convey sensations of pain, over-
distension, and temperature from the mucosa of the
bladder and the urethra. (3) The somatic nerves cause
contraction of the external sphincter; their sensory fibres
relay information as to the state of distension of the
posterior urethra.

Bladder function in mlctuntlon. Certain reflexes com-
bine to ensure both maintenance of a steady holding state
for urine and normal progressive micturition with com-
plete emptying. When the internal pressure of the bladder
rises, it contracts; and it also contracts when urine enters
the urethra; the urethra relaxes when urine enters it; it
also relaxes when the bladder contracts. -

Both bladder sphincters are normally closed. As the

The bladder is a hollow three-layered.

organ fills with urine, the contractile response of the
muscle wall causes a rise in internal pressure. Relaxation
then occurs as an active process of adjustment so that
the organ may hold its contents at a lower pressure. As
urine continues to enter the bladder, this rise and fall of
pressure continues in steplike fashion, .with the final
pressure always gradually rising.

The repeated transient contraction waves at first are
small and are not consciously felt; later, stimuli reach
the brain and cause pain and a sharp rise of pressure.
These later major contractions can be inhibited voluntar-
ily. The desire to micturate begins at around a content of
400 millilitres, but it can be voluntarily overridden until
the content reaches 660—800 ml, equivaient io a pressure
of 100 ml water. Until this point the sphincters remain
contracted to keep the urethral exit closed, but eventually
the desire to micturate becomes urgent and irrepressible.
Until this time, if it is socially inconvenient to urinate,
voluntary inhibition of the detrusor and contraction of
the perineal muscles keep the internal pressure as low as
possible and prevent efflux. The threshold is dependent
to some extent on the rate of filling and is higher when
filling is slow; and training affects the amount the bladder
can'retain. In young children the situation is less control-
lable, and even small amounts of urine may excite reflex
evacuation. Emotional influences are important. Anxiety
inhibits the capacity of the bladder to relax on filling, so
that under conditions of stress—e.g., on the battlefield—
there may be frequent involuntary passage of small quan-
tities of urine.

Micturition. Micturition is a complex activity, partly
reflex and unconscious and mediated by the lower spinal
cord centres, partly under conscious control by the
higher centres of the brain. Voluntary micturition begins
with willed messages from the brain that reach the blad-
der via the motor fibres of the pelvic nerves to stimulate
the detrusor, at the same time actively relaxing both ure-
thral sphincters. But the reflexes already mentioned en-

sure that, once the process has begun and urine has en--

tered the urethra, the contraction of the detrusor will
continue and the sphincters will remain relaxed until
evacuation is complete and the bladder empty. Evacua-
tion is aided by voluntary contraction of a wide range of
accessory muscles. The muscles of the abdominal wall
contract to increase pressure on the bladder from with-
out; the diaphragm descends and the breath is held; at
the same time there is relaxation of the muscles of the
perineal floor. Thus voluntary initiation and control of
micturition is effected partly by an active process of stim-
ulating parasympathetic sacral nerve outflow, partly by
removing the normal inhibition exerted by the higher
centres on the reflex centres in the spinal cord. Once be-
gun, micturition is carried through to completion by
lower and higher centres acting in concert; sensory mes-
sages from the urine-distended urethra also play a part.
It follows that even if a bladder is not particularly dis-
tended and if reflex emptying is not urgent, the bladder
can nevertheless be evacuated by voluntary contraction
of the abdominal wall, so initiating the reflex process
that, once begun, takes over.

Because the bladder is a hollow organ with a powerful
muscular coat, some function persists, however disor-
dered, even if nervous control is damaged or abolished.
Even the completely denervated organ retains some auto-
matic emptying, if only from its own elasticity. Certain
typical clinical situations may be differentiated, corre-
sponding to different modes of disordered function:

1. Lack of conscious inhibition of micturition because
of damage to the cerebral cortex or, more usually, from
psychological causes results in'a desire to micturate that
cannot be suppressed although bladder volumes may be
quite small; micturition is precipitate and continues till
the bladder is empty.

2. Transverse lesions or other damage to the spinal
cord above the reflex centres that also cause paralysis of
the lower half of the body.produce an “automatic” blad-
der. There is persistent unconscious control, but this is
established only after an interval. At first the bladder is
atonic (lacking in physiologic tone) and becomes greatly
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distended; the detrusor relaxes and reflex micturition is _

abolished. Pressure finally rises sufficiently to overcome
the spasm of the sphincters and urine is voided in small
amounts. Further accumulation and partial voiding re-
cur; that is, there is retention of urine with overflow in-
continence. Under these conditions inflammation of the
bladder readily develops, which may cause disability or
death from chronic ascending urinary infection. If over-
distension is prevented by regular catheterization, or by
manual expression by firm pressure on the lower abdom-
inal wall, an “automatic” bladder develops after some
months. This is a small capacity organ with frequent
emptying at a content of around 150 millilitres; there is
reflex control mediated through the sacral segments of
the spinal cord, the higher centres do not restrain the de-
trusor, and the internal sphincter relaxes more readily.
Voluntary assistance from the abdominal muscles is a
help in this situation, if these too have not been para-
lyzed; but there is always some residual urine from in-
complete emptying and there is a risk of infection.

3. In contrast, there is the isolated, or ‘“autonomous,”
bladder resulting from damage to the central nervous
system below the sacral cord reflex centres. The bladder
responds to distension like any hollow organ with a
smooth muscle coat. It becomes tense but contracts only
weakly so that, while small amounts of urine are voided,
the residual urine may be as high as 200-300 millilitres.
This condition is known as active incontinence as op-
posed to the overflow incontinence of the automatic blad-
der. Here again, active support from the abdominal mus-
cles is helpful.

Finally, the effects of chronic obstruction to bladder
outflow, as from narrowing of the urethra or compres-
sion of the urethra by an enlarged prostate, must be
noted. There is chronic retention, the pressure within the
bladder rises, but for a time hypertrophy of the muscle
wall maintains normal micturition and overcomes the
obstruction. Eventually severe chronic overdistension re-
sults with paralysis of the bladder wall and retention
with passive overflow, dribbling of urine. In such circum-

stances, if surgical aid is not available, ascending infec- -

tion of the urinary tract is inevitable.

HORMONES AND THE KIDNEY

Certain hormones are intimately related to renal func-
tion. The role of the antidiuretic hormone (ADH, or vaso-
pressin) of the posterior lobe of the pituitary in control-
ling diuresis has already been discussed. Vasopressin reg-
ulates water excretion by increasing membrane perme-
ability to water and by accelerating water and ion trans-
fer in a direction determined by the osmotic gradient.
The receptors of the base of the brain form part of the
feedback mechanism that stimulates ADH output if the os-
motic concentration of extracellular fluid (ecF) is high so
as to concentrate the urine, and that reduces ADH output
and so dilutes the urine if osmotic concentration of ECF
and of plasma falls.

The hormones of the adrenal cortex are also important
in influencing renal function, directly or indirectly. In
stress situations, as after an injury or a surgical opera-
tion, the output of hydrocortisone and other corticoste-
roids is increased because the adrenals are stimulated by
ACTH, the adrenocorticotropic secretion of the pituitary.
Hydrocortisone increases protein breakdown, and conse-
quently the output of nitrogen in the urine, and affects
water metabolism; lack of hydrocortisone reduces the
power of the kidney to deal with normal water loads.
The hormone also promotes sodium retention and loss of
potassium and hydrogen ions by the kidney. Aldosterone
influences electrolyte metabolism by facilitating the re-
absorption of sodium ions at the distal tubules, also at
the expense of hydrogen and potassium excretion. The
action of aldosterone has been described as priming the
sodium reabsorption pump; it is probably the adrenal
hormone most important to tubular function. Metabo-
lites of corticosteroids devoid of activity are rapidly ex-
creted in the urine, where they can be estimated to assess
adrenocortical function,

The action of the parathyroid glands is to increase
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blood calcium by mobilizing calcium from the bones and
other sources; if this hormone functions to excess, as in
tumours of the glands, the urinary loss of calcium is
much increased and calcium stones tend to form in the
kidneys and the bladder. The pituitary growth hormone
facilitates protein synthesis and decreases the urinary
loss of nitrogen. The sex hormones estrogen and proges-
terone exert an ill-defined activity as regards salt and
water metabolism. ‘

The juxtaglomerular apparatus (JGA), consisting of an
asymmetrical cuff of large granular cells in the wall of
the afferent arteriole near its entry into the capsule of
the nephron, contains renin in the granules in the cells.
Renin is a true internal secretion of the kidney. Entering
the plasma, it acts as an enzyme that induces one of the
plasma globulins to yield angiotensin I, which is inactive,
and which gives rise in turn to angiotensin II, the most
potent agent for constricting the blood vessels and raising
the blood pressure: The formation of renin at the JGA is
induced by a fall in blood pressure and inhibited by a
rise. When the pressure falls, the output of angiotensin
II raises the pressure and also excites the release of aldo-
sterone from the adrenal cortex. This process is another
example of a feedback mechanism analogous to that con-
trolling the output of ADH.

BIOLOGICAL CONSIDERATIONS

During the greater part of pregnancy the glomerular fil-
tration rate (GFR) is increased by as much as 50 percent,
corresponding to an increase in renal blood flow of up to
25 percent in the middle three months of pregnancy.
Glycosuria is frequent due to increased glucose loading
of the filtrate, there is some sodium retention with a ten-
dency to abnormal accumulation of serous fluid (edema),
and some protein may appear in the urine.

The kidneys of the fetus begin to function well before
birth, as indicated by a steady rise in the urea and uric
acid content of the amniotic fluid in which the fetus ex-
ists; the fetus probably swallows fluid and voids it as
urine. But even at birth, half the work of excretion is
still being carried out via the placental circulation and
the maternal kidneys, and this dependence is abruptly
curtailed. Kidney function is far from fully developed in
the newborn infant. The glomerular filtration rate is only
some 30 millilitres per minute per square metre of body
surface, compared to 75 in the adult, and tubular func-
tion does not attain adult performance until the end of
the first year. The 24-hour output of urine'is only some
20 millilitres; the output of water and the renal clearance
of sodium, potassium, and phosphate is low; the urine is
dilute and often contains protein. Because the kidney has
such a poor capacity to excrete solids, the infant is ex-
posed to the dehydrating effect of vomiting and diarrhea,
which readily induce renal failure.

There is an increased urine output at the commence-
ment of muscular exercise, due to the general stimulation
of circulation, but a later falling off with the fatigue and
sweating caused by severe prolonged exertion. The 24-
hour rhythm in output has been mentioned. The small
output in the early morning hours is a practical conve-
nience to prevent disturbance of sleep. If the natural
sleep rhythm is inverted, as by working on night shift,
electrolyte and water output follow suit. The urine is
acid at night and becomes less so, or alkaline, on rising.
Output is maximal during the first waking hours and
rises after meals. Because of all this variation in water
and solute output, any analytic study of urine compo-
nents must be conducted on 24-hour specimens.

Hydrogen-ion concentration in the urine may vary from
pPH 4 to 8; i.e., from many hundred times that of the
plasma to a fraction; hence the ability of the kidneys to

. regulate acid-base balance in body fluids. Essentially,
‘they do so by controlling the rate of reabsorption of bi-

carbonate from the filtrate, and by excreting hydrogen
ions with regeneration of bicarbonate. The mechanism is
one of ion exchange, mediated through the reversible
chemical reaction between water and carbon dioxide:
water . plus carbon dioxide yields carbonic acid, which

i 'yields hydrogen ions and carbonate ions (H.O + CO.
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= H, CO; = H* + HCOy), so that hydrogen ion (H*) in
the tubule cells is exchanged for sodium ion (Na*) in the
filtrate. Only minor changes in pH occur in the proximal
tubules, rather more in the distal tubules, where the fluid
becomes slightly acid, but a major change toward acidity
occurs in the distal collecting ducts. For every molecule
of acid excreted in the urine, one molecule of sodium
bicarbonate (NaHCO,) is regenerated and returned to the
blood in the vessels surrounding the tubules.

Constant composition of blood and body fluids is basi-
cally dependent on regulation of the volume, osmotic
pressure, and constituents of the extracellular fluid (ECF).
This fluid forms the internal environment of the tissues,
and invariance is esseniial to life. It is an important part
of homeostasis to keep the volume of ECF constant by
adaptive changes in sodium and water output. Such
maintenance is effected by the circulation, respiration,
and ingestion, and also by selective renal excretion. Like
the lungs, bowel, and skin, the kidney is an organ for ex-
changes between the ECF and the external environment;
and these are large exchanges, the kidneys producing 170
litres of glomerular filtrate in 24 hours and reabsorbing
all but 1.5 litres. The amount of water lost through the
kidneys, however, corresponds closely to the body’s cur-
rent needs, whereas loss by skin and lungs is largely con-
trolled by environmental factors such as humidity and
temperature. Again, the bowel absorbs almost all in-
gested water as a load on the circulation, without rela-
tion to bodily needs. Thus it is the kidneys that are the
fine regulators of water and solute content of the ECF.
They adjust the volume and composition of blood and
ECF within narrow bounds, but there are limits to this
control. The kidneys cannot concentrate the urine to
more than 1,400 milliosmoles per kilogram, equivalent
to a specific gravity of 1.035. There is an obligatory ex-
cretion of excess electrolytes and end-products of protein
metabolism such as urea, so that there is an obligatory
output of urine as determined by solute and protein in-
gestion and rate of urea formation. If there is not enough
water available for this vehicle, the blood urea rises; and
if the protein intake is excessive more urine is needed to
prevent such a rise. It is easier, in this context, for the
kidney to produce a dilute rather than a concentrated
urine; osmolarity may fall as low as 30 milliosmoles per
kilogram; the function of ADH in part is to prevent such
overdilution.

At least 90 percent of the osmotic pressure of ECF and
of plasma is due to sodium chloride, the content of which

is regulated by renal water excretion and reabsorption -

under the delicate control of the hypothalamic osmore-
ceptors and ApH. The volume of ECF depends largely on
its sodium content, and so on the rate of renal excretion
of sodium, which is very sensitive, adjusting even to
minor changes of posture. Of the filtered sodium, 85 per-
cent is reabsorbed obligatorily as sodium chloride in the
proximal tubules without much regard for current needs.
But in the distal tubules there is a fine facultative reab-
sorption in exchange for potassium and hydrogen ions,
and this exchange is closely related to the body situation
as regards mineral metabolism; it is effected under the
control of the adrenal cortical hormones, particularly al-
dosterone, and also of the humoral renin-angiotensin sys-
tem. Thus, if the body loses sodium, the concentration of
sodium ions in the EcF falls, but normal osmolarity is re-
stored by an increased water output; if the sodium con-
tent of the ECF rises, as in dehydration, water loss is re-
duced.

The control of potassium transfer is largely independent
of the factors governing movements of sodium. A mod-
erate potassium load is usually accurately excreted in the
urine within an hour or two. What is important is not so
much the preservation of a constant potassium level in
plasma or ECF as its maintenance within individual cells.
The kidney cannot conserve potassium as well as it does
sodium, and potassium depletion may readily occur in
severe vomiting or diarrhea. The rate of potassium ex-
cretion in the distal tubule is mainly determined by the
amount of sodium ions available for exchange and by
the influence of aldosterone on this exchange.

When water is drunk it is nearly all rapidly absorbed
from the bowel into the bloodstream, slightly increasing
the volume of the plasma ‘and decreasing its osmotic
pressure by dilution. There is an interchange with the
ECF and the cells, with some excess water leaving the
plasma and entering the ECF and then the cells, and with
electrolytes leaving the cells and- entering first the ECF
and then the plasma. N )

The kidneys respond to the challenge after a latent pe-
riod of about half an hour; urine output rises to a peak
within 90 minutes and then declines slowly until the
diuresis is all over, within a few hours. This response is
selective to water intake, a great increase in water out-
put in a diiuie urine with little or no associated ioss of
solids. There is no accompanying increase in renal blood
flow or glomerular filtration rate, but simply an inhibi-
tion of the ADH output so as to reduce water reabsorption
in the distal part of the nephron.

Retention of excess water in the body, causing visible
swelling of the subcutaneous tissues, or edema, may re-
sult from a number of factors: abnormal blood vessel
permeability, a low level of plasma proteins, and failure
of the right side of the heart, but a common cause is
renal failure. Thus in acute nephritis there is a dimin-
ished urine output and much retention of fluid. Severe
water intoxication, or “water poisoning,” is the extreme
condition, due to excessive intake, or to kidney disease or
an abnormally large output of ApH; it produces headache,
nausea, convulsions, coma, and even death.

Water deprivation leads to a fall in ECF volume and a
consequent rise in its crystalloid osmotic pressure. Water
enters the fluid from the cells, metabolism is disturbed,
and there is a loss of potassium and protein. Urine output
falls under the control of ADH and electrolyte excretion
is increased. With continued deprivation of water even
the plasma volume will eventually fall and urine concen-
tration will lead to renal failure with gross nitrogen re-
tention (uremia). Thirst is the biological response to such
a situation, but it is emotionally as well as biologically
conditioned; there may be thirst when the situation does
not warrant it and an absence of thirst just when drinking
is urgently required.

An excess of salt intake, as from drinking seawater, or
a relative excess of salt content, as in dehydration, in-
creases the crystalloid content and osmotic pressure
throughout the body fluids and the volume of the ECF at
the expense of cellular fluid. The kidneys .cannot con-
centrate the urine to the osmotic pressure required; this
failure leads to cellular dehydration and death.

Salt loss is usually due to sweating, as in stokers and
miners, and forms part of the heat-exhaustion syndrome.
It is only occasionally due to dietetic deficiency. It does
not normally produce much thirst, though fluid and salt
replenishment is urgent. The sodium content of the ECF
and plasma falls, as does the volume of these fluids, lead-
ing to a reduced cardiac output, circulatory failure, im-
paired renal tubular function, and a rising level of urea
in the blood. If water, but not salt, is supplied, the sodi-
um deficiency will increase still further, causing cramps,
collapse, rapid pulse, shock, and renal failure. There will
be no chloride in the urine. The correct management con-
sists of the administration of dilute saline solution by
mouth or intravenously.

BIBLIOGRAPHY. The following works all provide detailed
and well-written surveys of the whole field of kidney function
in a form suitable for medical students and others with a good
scientific grounding: E.J.M. CAMPBELL, C.J. DICKINSON, and
J.D.H. SLATER (eds.), Clinical Physiology, 3rd ed., pp. 149-
197 (1968); c.H. BEST and N.B. TAYLOR (eds.), The Physiologi-
cal Basis of Medical Practice, pp. 1665-1720 (1966); G.H.
BELL, J.N. DAVIDSON, and H. SCARBOROUGH, Textbook o} Physi-
ology and Biochemistry, Tth ed., pp. 698-733 (1968); and R.
PASSMORE and J.S. ROBSON (eds.), A Companion to Medical
Studies, sect. 33 (1968).

(D.Le V.)

Excretion and Excretbry Systems

Every organism, from the smallest protist to the largest
mammal, must rid itself of the potentially harmful by-
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products of its own vital activities. The physiological
process by which the organism disposes of its nitrogenous
by-products is called excretion. The mechanisms for that
process constitute the excretory systems, particularly
such organs of vertebrate animals as elaborate and com-
plicated as the kidney and its associated urinary ducts.

GENERAL FEATURES

Definitions and distinctions. The meaning of excretion
is most easily understood in the context of vertebrate
physiology. The animal swallows food (ingestion). In the
stomach and intestine some of the food is broken down
into soluble products (digestion) that are absorbed into
the body (assimilation). In the body these soluble prod-
ucts undergo further chemical change (metabolism);
some are used by the body for growth, but most provide
energy for the various activities of the body. Metabolism
involves the uptake of oxygen and the elimination of car-
bon dioxide in the lungs (respiration). Besides carbon di-
oxide, compounds of nitrogen arise from metabolism
and are eliminated, chiefly by the kidney, in the urine
(excretion). Food not digested is eliminated through the
anus (defecation). ”

These processes are characteristic of animals in general,
but not of plants. A green plant takes in carbon dioxide
from the atmosphere and nitrogen (as nitrate) from the
soil. It uses the energy of sunlight to build these nutrients
into the materials required for growth and in.the process
gives out oxygen (see PHOTOSYNTHESIS). The processes of
ingestion, excretion, and defecation have no obvious
parallels in plants, but see ELIMINATION.

In a broad sense animals live on plants, and the by-prod-
ucts of animals are the raw materials on which plants
grow. These mutually supporting activities of plants and
animals are kept precisely in balance by the activities of
bacteria. Bacteria convert the urine and feces of animals
(and also the dead bodies of both plants and animals) to
carbon dioxide and nitrate. In the living world as a
whole, carbon and nitrogen are in continuous circulation,
driven by the energy of sunlight (see BIOSPHERE). Over
most of the earth, for most of time, no by-products ac-
cumulate. Occasionally the cycles get out of balance, as
they must have done during the prehistoric period when
coal was being formed in the earth as a consequence of
the failure of bacteria to decompose all the remains of
plants (see COALS).

Products of excretion. Although every type of organ-
ism takes in some materials and eliminates others, excre-
tion in the strict sense is a process found only in animals.
For the purposes of this article excretion will be taken to
mean the elimination of nitrogenous by-products and the
regulation of the composition of the body fluids (see also
HOMEOSTASIS).

The primary excretory product arising naturally in the
animal body is ammonia, derived almost entirely from
the proteins of the ingested food. In the process of di-
gestion proteins are broken down into their constituent
amino acids. Some of the amino acid pool is then used
by the animal to build up its own proteins, but a great
deal is used as a source of energy to drive other vital
processes. The first step in the mobilization of amino
acids for energy production is deamination, the splitting
off of ammonia from the amino acid molecule. The re-
mainder is oxidized to carbon dioxide and water, with
the concomitant production of the energy-rich molecules
of adenosine triphosphate (ATP; see METABOLISM).

Since ammonia is highly toxic to most animals, it must
be effectively eliminated. This is no problem in small
aquatic animals because ammonia rapidly diffuses, is
highly soluble in water, and escapes easily into the ex-
ternal medium before its concentration in the body fluids
can reach a dangerous level. But in terrestrial animals,
and in some of the larger aquatic animals, ammonia is
converted into some less harmful compounds (detoxica-
tion). In mammals, including man, it is detoxified to urea,
which may be considered as being formed by the con-
densation of one molecule of carbon dioxide with two
molecules of ammonia (though the biochemistry of the
process is more complex than that). Urea is highly soluble

Excretion and Excretory Systems

45

in water but cannot be excreted in a highly concentrated
solution because of the osmotic pressure (see below) it
would exert. Conservation of water being a pressing
need for most terrestrial animals, it is not surprising that
many of them have evolved more economical methods
for disposing of nitrogenous by-products. Birds, reptiles,
and terrestrial insects excrete nitrogen in the form of uric
acid, which is highly insoluble in water and can be re-
moved from the body as a thick suspension or even as a
dry powder.

EXCRETORY MECHANISMS

Osmotic pressure. In order to understand the advan-
tages of the excretion of uric acid over urea it is neces-
sary to know something about the behaviour of mole-
cules in solution. Molecules of a solute (e.g. salt, sugar)
in water tend to move by diffusion from a region where
they are in high concentration to one where they are in
low concentration, and molecules of water tend to move
in the opposite direction. If a porous membrane is inter-
posed between these regions, the movements of mole-
cules may be variously restricted depending upon their
size in relation to the size of the submicroscopic pores in
the membrane. The passage of water molecules from
pure water through such a membrane into a solution con-
taining molecules that are too large to pass is called os-
mosis, a process that takes place spontaneously and does
not require energy. This process can be reversed by ap-
plying hydrostatic pressure to the solution, a process that
does require energy. The level of hydrostatic pressure at
which there is no net movement of water in either direc-
tion across the membrane is called the osmotic pressure
of that particular solution; the greater the concentration
of dissolved molecules in the solution the greater is its
osmotic pressure and the greater the force needed to re-
move water from it.

Applying these principles to excretion, it can be seen
why more energy is required to remove water from urine
containing urea than from urine containing the same
weight of uric acid. The molecule of urea is smaller than
that of uric acid, so there are more molecules of urea to
exert osmotic pressure. But an even more important dif-
ference is that whereas urea is highly soluble in water,
uric acid is not. As water is progressively removed from
a solution of urea, the osmotic pressure opposing further
removal progressively increases. For the uric acid solu-
tion, however, as water is removed, the uric acid comes
out of solution, or precipitates, when the solution is at a
lower concentration, and, therefore, at a lower osmotic
pressure, which does not increase further.

Regulation of water-salt balance. The mechanisms of
detoxication that animals use are obviously related to
their modes of life. This is true, with greater force, of the
mechanisms of homeostasis, the ability of organisms to
maintain internal stability. A desert-living mammal con-
stantly faces the problem of water conservation; but a
freshwater fish faces the problem of getting rid of the wa-
ter that enters its body by osmosis through the skin. At
the level of the individual cell, whether it be the cell of a
unicellular organism or a cell in the body of a multicellu-
lar organism, the problems of homeostasis present them-
selves in similar ways.

For the continuation of its intracellular processes the
cell must maintain an intracellular chemical environment
in which the concentrations of various ions (see below)
are kept constant in the face of changing concentrations
in the medium surrounding the cell. This is the task of the
cell membrane. In the higher animals the task is easier
since cells in the interior of their bodies are bathed in an
internal medium—the blood—whose composition is
regulated so as to minimize the effects of changes in the
external medium. This regulatory function is undertaken
by specialized cells or organs such as the kidney, thereby
lessening the regulatory burden of the other cells of the
body.

The biological necessity for homeostatic mechanisms is
particularly urgent for controlling the inorganic compo-
nents of cells and body fluids. Inorganic salts can exert
even greater osmotic pressure against membranes im-
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permeable to them than urea. This is so because, under
the conditions in the body, they are almost completely
dissociated into their component ions. For example, a
molecule of common salt (sodium chloride) is dissociated
into a positively charged sodium ion and a negatively
charged chloride ion, both of which can exert osmotic
pressure. :

Besides their osmotic effects, inorganic ions have pro-
found effects upon metabolic processes, which in general
will take place only in the presence of appropriate con-
centrations of these ions. The most important inorganic
ions in organisms are the positively charged hydrogen,
sodium, potassium, calcium, and magnesium ions, and
the negatively charged chloride, phosphate, and bicar-
bonate ions. The membranes of cells are not completely
impermeable to these ions and are in fact endowed with
the ability to transport ions from one side to the other,
whereby they control the concentrations of ions within
the cells; when such transport is in the direction that re-
quires a supply of energy, it is called active transport
(see MEMBRANE, BIOLOGICAL).

Osmotic regulation is the maintenance of the normal
concentration of the body fluids; i.e., the total concentra-
tion of all dissolved substances (solutes) that would exert
osmotic pressure against a membrane impermeable to
them. Osmotic regulation controls the amount of water
in the body fluids relative to the amount of osmotically
active solutes. Ionic regulation is the maintenance of the
concentrations of the various ions in the body fluids rela-
tive to one another. There is no hard and fast distinction
between the two processes; organs that participate in one
process at the same time participate in the other.

Principal excretory structures. = Whereas the kidney is
undoubtedly the principal organ subserving both nitroge-
nous excretion and osmotic and ionic regulation in the
mammalian body, these functions are not always per-
formed by a single organ in other animals. As indicated
earlier, primitive aquatic animals do not require any spe-
cial provision for nitrogenous excretion. But by reason of
their permeable skins they may have serious problems
of osmotic and ionic regulation, especially in freshwater,
where cells covering the surface of the body have the
ability actively to transport salts into or out of the ani-
mal. In some cases these nonkidney regulatory activities
are performed by certain recognizably specialized cells;
e.g., in the gills of fishes (see below). In other: cases, spe-
cialized cells are assembled into organs of salt uptake or
salt elimination; e.g., the salt glands of birds (see below).

This dispersal of the regulatory function may be the
primitive condition, for it is only in the more highly
evolved terrestrial animals that the regulatory function is
restricted to an excretory system proper. This is readily
understandable in view of the need of terrestrial animals
to conserve water. This evolutionary ‘development to-
ward one system reaches its climax in the birds, reptiles,
and terrestrial insects, in which all the processes of elimi-
nation that might involve loss of water—defecation, ni-
trogenous excretion, and ionic regulation—converge up-
on the same final channel. :

For the excretory organs of a wide variety of vertebrate
and invertebrate animals, there is evidence that the pri-
mary process of urine production is nonselective, in that
in those animals all substances dissolved in their body
fluids, with the possible exception of proteins, are found
in the primary urine. In many animals the primary urine
is produced by filtration from the blood. At a later stage,
substances in the primary urine that are useful to the
body are selectively reabsorbed. In addition, a few sub-
stances are known to be actively transported (secreted)
into the urine.

The nonselective formation of primary urine serves an-
other aspect of excretion: the elimination of foreign sub-
stances. Mechanisms of active transport are highly spe-
cific to the substances transported. All dissolved constitu-
ents of the body fluids pass freely into the primary urine
and then specific reabsorptive mechanisms gather up the
“wanted” substances. In this way a natural economy
automatically eliminates “unwanted” substances simply
by not providing mechanisms for their reabsorption.

INVERTEBRATE EXCRETORY SYSTEMS

In their detoxication mechanisms, so far as they have
been investigated, the invertebrates in general conform
to the principles applying to all animals, namely, that
aquatic forms get rid of ammonia by diffusion through
the surface of the body; terrestrial forms convert am-
monia to uric acid. This implies that in aquatic forms the
excretory organ is principally of importance for the com-
position of their body fluids. Normally, the body fluids of
marine invertebrates have the same concentration as sea-
water; they usually differ, however, in the proportions of
ions, with relatively more potassium and less magnesium
than seawater. Furthermore, their urine normally has the
same concentration as seawater, but correspondingly it
contains less potassium and more magnesium. In fresh-
water invertebrates the urine is commonly, though not
invariably, more dilute than the body fluids. By produc-
ing dilute urine a freshwater invertebrate conserves the
salt content of its body while eliminating the water that
enters its body by osmosis through its water-permeable
surface.

Figure 1: Invertebrate excretory systems.

(A) Contractile vacuole of an amoeboid protozoan.

(B) Protonephridial system of a flatworm, with enlargement
of a single-celled flame bulb that terminates the tubules of
excretory canals. (C) Metanephridial system of an
earthworm, with paired nephridia in one segment. (D) Renal
organ of a clam, cut away to show glandular region.

(E) Renal system of a crayfish, exposed through cut-away
shell. (F) Excretory system of a mosquito.

Some invertebrates, notably echinoderms, coelenterates,
and sponges, have no organs to which an excretory func-
tion can be confidently ascribed. Since all of these ani-
mals are aquatic, it is reasonable to suppose that they
excrete nitrogen (as ammonia) by simple diffusion. Their
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body fluids (where present) are closely similar to seawa-
ter in composition, and it may be presumed that regula-
tion operates only at the cellular level.

The excretory organs of other invertebrates are of di-
verse evolutionary origin. This is not to say, however,
that each invertebrate phylum has evolved its own par-
ticular type of excretory organ; rather, there appear to be
five main types of invertebrate excretory organ: contrac-
tile vacuole, nephridium, renal gland, coxal gland, and
malpighian tubule.

The contractile vacuoles of protozoans. Some proto-
zoan animals possess an organelle having the form of an
internal sac, or vacuole, which enlarges by the accumula-
tion of a clear fluid and then discharges its contents to
the exterior. The cycle of filling and emptying may be re-
peated as frequently as every half minute. The chief role
of the contractile vacuole appears to be in osmotic regu-
lation, not in nitrogen excretion.

Contractile vacuoles occur more frequently and are
more active in freshwater species than in closely related
marine species. In freshwater, the concentration of dis-
solved substances in the cell is greater than in the external
medium, and the cell takes in water by osmosis. If the
contractile vacuole is put out of action, the cell increases
in volume. If the concentration of salts in the medium
increases—which would have the effect of decreasing the
rate of osmosis—the rate of output by the contractile
vacuole diminishes. The fluid eliminated by the vacuole
is more dilute than the cytoplasm.

The nephridia of annelids, nemertines, flatworms, and
rotifers. The word nephridium applies in its strict sense
only to the excretory organs of annelids, but it may use-
fully be extended to include the excretory organs of other
phyla having similar characteristics. Annelids are seg-
mented animals that typically contain a pair of nephridia
on each segment. Each nephridium has the form of a
very fine tubule, often of considerable length; one end
usually opens into the body cavity and the other to the
exterior. In some annelids, however, the tubule does not
open into the body cavity but ends internally in a cluster
of cells of a special type known as solenocytes, or flame
cells. The possession of solenocytes by some annelids is
one of the characters that allies them with other nonseg-
mented phyla that have no true body cavity. They also
have a system of tubules opening at the surface and end-
ing internally in flame cells embedded among the other
cells of the body. In most cases, there is no regular ar-
rangement of the various parts of the system.

Animals belonging to all of these phyla are primarily
aquatic, and, in the few cases known, the main excretory
product is ammonia. How much of it leaves the body by
the nephridia and how much through the body surface is
unknown.

Very few physiological studies have been made on ne-
phridia other than those of the earthworm. Although the
earthworm is considered a terrestrial animal, its relation-
ships with its environment are characteristically those of
a freshwater animal. The nephridium of the earthworm
is longer and more complex than that of marine annelids,
four regions being distinguishable. Body fluid enters the
nephridium via an internal opening called the nephridio-
stome. As the fluid passes along the tubule, probably
driven by cilia, its composition is modified. In the two
lower regions of the tubule the fluid becomes progres-
sively more dilute, presumably as a result of the reab-
sorption of salts. Finally, a very dilute urine passes into
the bladder (an enlarged portion of the tubule) and then
to the exterior through the external opening, or nephrid-
iopore. The rate of urine flow for an earthworm may be
as much as 60 percent of its body weight in a period of
24 hours.

The renal glands of mollusks. The anatomical form of
the renal gland varies from one class of mollusks to an-
other, but a common plan is clearly evident. The renal
gland is a relatively wide tube opening from a sac (the
pericardium) surrounding the heart, at one end and to the
mantle cavity (effectively to the exterior) at the other.
There is a single pair of renal glands; in some forms one
member of the pair may be reduced or absent. Clams
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have the simplest arrangement; the region nearest to the
pericardium has glandular walls and gives way to a non-
glandular, wider tube that extends to the urinary open-
ing.

The vast majority of mollusks are aquatic, and, as
would be expected, excrete nitrogen in the form of am-
monia. In octopuses, however, nitrogen is excreted as
ammonium chloride, which is quite strongly concen-
trated in the urine. Terrestrial snails and slugs excrete
uric acid but may also excrete ammonia when living in
moist surroundings.

In all mollusks so far investigated the primary process
in urine production appears to be filtration of the blood.
This may take place through the wall of the heart into
the pericardium, or from blood vessels that supply the
glandular part of the renal gland. The composition of the
primary urine may be altered by reabsorption or secre-
tion, or both. In freshwater mollusks salts are reabsorbed
in the glandular tube and in the wide tubule, and the final
urine is more dilute than the blood. The rate of urine
flow is high, up to 45 percent of the body weight per day
in the freshwater mussel. In marine mollusks the urine
has the same concentration as the blood, as would be ex-
pected, but (in the few cases examined) its ionic composi-
tion.is different.

The coxal glands of aquatic arthropods. Coxal glands
are tubular organs, each opening on the basal region
(coxa) of a limb. Since arthropods are segmented ani-
mals, it is reasonable to suppose that the ancestral arthro-
pod had a pair of such glands in every segment of the
body. In crustaceans now living there is, as a rule, only a
single pair of glands, and in higher crustaceans these
open at the bases of the antennae. Each antennal gland is
a compact organ formed of a single tubule folded upon
itself. When unravelled the tubule is seen to comprise
three or four easily recognizable regions. The tubule
arises internally as a small sac, the coelomic sac, which
opens into a wider region, the labyrinth, having complex
infoldings of its walls. The labyrinth opens either directly
into the bladder, as in marine lobsters and crabs, or into
a narrow part of the tubule, the canal, which in turn
opens into the bladder, as in freshwater crayfishes.

The coelomic sac, well-supplied with blood vessels,
gives evidence that the primary process in urine produc-
tion is filtration of the blood through the wall of the coe-
lomosac in a manner analogous to filtration in the glo-
merulus and Bowman’s capsule of the vertebrate kidney
(see below). In lobsters and marine crabs the urine in all
parts of the organ has the same ion concentration as the
blood. In freshwater crayfishes the urine has the same
concentration as far as the end of the labyrinth; from
there on reabsorption takes place in the canal and the
urine leaves the body as a very dilute solution. The addi-
tion of the canal to the system demonstrates one way

" crustaceans have adapted to life in freshwater. But this

is not the only way in which the regulatory problem is
solved in freshwater crustaceans. In freshwater crabs, for
example, there is a great decrease in the water perme-
ability of the surface (principally the gills) so that water
enters by osmosis quite slowly. In contrast to the rate of
urine flow in a freshwater crayfish (about 5 percent of the
body weight per day), that of the freshwater crab is 100
times less (about 0.05 percent). In the crab the urine has
the same concentration as the blood, but because the flow
is so small the salt loss via the urine is negligible. A few
semiterrestrial crabs are known to produce urine more
concentrated than the blood.

In all crustaceans for which analyses are available the
concentrations of ions in blood and urine differ. At a
urine flow of 5 percent of the body weight per day the
activities of the antennal glands are certainly capable of
effecting changes in the composition of the blood. These
activities are somehow coordinated with salt uptake by
the cells of the body surface so as to subserve homeo-
stasis. The role of the antennal glands in nitrogenous ex-
cretion seems to be unimportant.

The malpighian tubules of insects. Although some ter-
restrial arthropods (e.g., land crabs, ticks) retain the cox-
al glands of their aquatic ancestors, others, the insects,
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have evolved an entirely different type of excretory sys-
tem. The malpighian tubules, which vary in number from
two in some species to over 100 in others, end blindly in
the body cavity (which is a blood space) and open not
directly to the exterior but to the alimentary canal at the
junction between midgut and hindgut. The primary urine
issuing from the malpighian tubules has to pass through
the rectum before it leaves the insect’s body, and in the
rectum its composition is profoundly changed. The insect
excretory system therefore comprises the malpighian
tubules and the rectum acting together. '

The malpighian tubules are bathed in the insect’s blood,
but since they are not rigid it is impossible for any hydro-
static pressure o be developed across their walls, such as
could bring about filtration. The primary urine is formed
by a process of secretion in the following way: Potas-
sium ions are actively transported from the blood into
the cavity of the tubule and are necessarily followed by
negatively charged ions so as to maintain electroneutral-
ity. In turn, water follows the ions, probably by osmosis,
and various other substances—sugars, amino acids, and
urate ions—also enter the primary urine by diffusion
from the blood.

The primary urine, together with soluble products of
digestion and insoluble 1nd1gest1ble matter from the mid-
gut, then passes to the rectum. Here (or in some insects
at an earlier stage) the urine is acidified and the soluble
urate is thereby converted to insoluble uric acid, which
comes out of solution. Water is then reabsorbed together
with the soluble products of digestion and other useful
substances, including the bulk of the ions that entered
the primary urine. In insects that live in dry surroundings
the rectum has remarkable powers of reabsorption, its
contents ﬁnally being voided as hard, dry pellets contain-
ing solid uric acid.

The activity of the excretory system in insects is under
hormonal control. This has been most clearly demon-
strated in the case of Rhodnius, a bloodsucking bug. Im-
mediately after the ingestion of a blood meal there is a
rapid flow of urine whereby most of the water taken in
with the blood meal is eliminated. The distension of the
body after ingestion is the stimulus that causes certain
cells in the central nervous system to release a hormone
that-acts upon the malpighian tubules to promote a brisk
flow of primary urine.

VERTEBRATE EXCRETORY SYSTEMS

The kidney and its associated ducts are the excretory
system of the mammal, and, as already noted, most of
the nitrogenous waste arising in the mammalian body is
excreted as urea. Other nitrogenous compounds regularly
present in the urine in smaller amounts are uric acid (or
the closely related compound allantoin) and creatinine;
both of these arise mainly as by-products of the renewal
and repair of tissues.

In birds, reptiles and amphibians the kidneys are com-
pact organs as they are in mammals, but in fishes they
are narrow bands of tissue running the length of the body
(see below under Evolution). In amphibians, as in mam-
mals, the main excretory product is urea. In birds and
reptiles it is uric acid. In most fishes the main excretory
product is ammonia.

Structure and function. In mammals. The mammalian
kidney (Figure 2) is a compact organ with two distinct re-
gions: cortex and medulla. The functional unit of the kid-
ney is the nephron, of which there are about 1,000,000 in
each kidney of man, tightly packed together. Each neph-
ron (Figure 2) is a tubular structure consisting of four re-
gions. It arises in the cortex as (1) a small vesicle about
one-fifth of a millimetre in diameter, known as Bow-
man’s capsule, into which projects a tuft of capillary
blood vessels, the glomerulus. Bowman’s capsule is con-
tinuous with (2) the proximal convoluted tubule, which
also lies in the cortex. Following the proximal convoluted
tubule is (3) the loop of Henle, which descends into the
medulla and then runs straight up again to the cortex
where it continues as (4) the distal convoluted tubule. A
collecting tubule, into which several nephrons open,
courses through the medulla to open a wide cavity, the

Figure 2: The mammalian kidney.

(Left) The kidney proper, with a single nephron (of thousands
present) in white and somewhat larger proportionately.
(Right) Nephron enlarged to show component parts.

pelvis of the kidney. From the pelvis the ureter leads to
the bladder, and from the bladder the urethra leads out
of the body. (See also EXCRETORY SYSTEM, HUMAN.)

The mechanism of urine formation involves three pro-
cesses: filtration, reabsorption, and secretion. Primary
urine is formed by filtration from the blood. From this
primary urine certain substances are reabsorbed into the
blood and other substances are secreted into the primary
urine from the blood. The word secretion is used by renal
physiologists to imply transport, other than by filtration,
from the blood to urine. Filtration implies that all mol-
ecules below a certain size are allowed to pass nonselec-
tively into the primary urine; reabsorption and secretion
imply the existence of specific mechanisms for the trans-
port of specific substances.

The membrane covering the glomerulus is permeable to
water and to all the constituents of the blood plasma ex-
cept proteins. The glomerular capillaries are intercalated
in the course of an artery, with the consequence that the
pressure of the blood in these capillaries is higher than in
the capillaries in other parts of the kidney. Opposed to
the blood pressure are the pressure of the fluid within
Bowman’s capsule and the osmotic pressure exerted by
the proteins of the blood plasma; but the blood pressure
is sufficiently in excess of the sum of these to ensure a
rapid flow of fluid, the glomerular filtrate or primary
urine, into Bowman’s capsule. The glomerular filtrate
contains the nitrogenous compounds ultimately to be
excreted in the urine. As the glomerular filtrate passes
through the proximal tubule, 80 percent of the water,
and ‘many substances of value to the body (e.g., glucose),
are reabsorbed into the blood capillaries surrounding the
tubule. This reabsorptive process is accomplished with-
out'any change in the concentration of the tubular fluid,
which remains the same as that of the blood plasma.

After traversing the loop of Henle, the remaining 20
percent of the glomerular filtrate passes into the distal
tubule, where further reabsorption, notably of salts, takes
place. If this is accompanied by a proportionate reab-
sorption of water, the tubular fluid remains at the same
concentration as the blood plasma, but if the reabsorp-
tion of water is restricted, as it may be in certain circum-
stances (see below), the tubular fluid becomes more dilute
than the blood plasma. Under normal physiological con-
ditions some 15 percent of the glomerular filtrate is reab-
sorbed in the distal tubule. Most of the remaining 5 per-
cent is reabsorbed in the collecting tubule. The amount
of fluid, at this point called urine, that reaches the pelvis
of the kidney is only 1 percent of the volume originally
filtered at the glomerulus; but it contains nearly all the
nitrogenous waste of the filtrate in concentrated solution.
A few substances are also secreted from the blood
through the walls of the tubule into the tubular fluid.

The action of the loop of Henle is more difficult to de-
scribe. The descending and ascending limbs lie close to-
gether, and there is secretion of a small amount of salt
from the ascending limb into the descending limb
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throughout the length of the loop. At any level the fluid
in the descending limb is slightly more concentrated than
the fluid in the ascending limb. As the fluid passes down
the descending limb it becomes progressively more con-
centrated; as it passes up the ascending limb it becomes
more dilute and leaves the loop more or less at the same
concentration as the blood plasma. The net result of this
activity on the part of all the loops in the kidney is to
create at the inner margin of the medulla a region where
all the fluids are more strongly concentrated than the
normal blood plasma. The collecting tubules run through
this region before opening into the pelvis; and since their
walls are ordinarily permeable to water, water is re-
moved from them by osmosis so that the final urine is
more concentrated than the blood.

Desert-living mammals produce highly concentrated
urine and their kidneys have a greater thickness of me-
dulla because of the greater development of the loops of
Henle. This mechanism is in full operation in an animal
suffering from thirst; the water content of its body is
conserved by the excretion of a small volume of concen-
trated urine. If the body has excess water, the mechanism
becomes inoperative; instead, the reabsorption of salts
(without a proportionate amount of water) in the distal
tubule results in the production of a large volume of
dilute urine (diuresis).

Although the kidney has a nerve supply, its activities
are regulated by hormones in accordance with the body’s
needs. The pituitary gland at the base of the brain re-
leases an antidiuretic hormone (ApH) into the blood. The
ADH increases the permeability of the distal and collect-
ing tubules to water, thereby facilitating the reabsorption
of water. A slight increase in the concentration of the
blood, such as would occur in the event of water defi-
ciency, causes an increased secretion of ADH and the ex-
cretion of a small volume of concentrated urine. Con-
versely, dilution of the blood cuts off the release of ApH,
decreasing the permeability of the tubules and causing
diuresis. Another hormone, aldosterone, produced by the
cortex of the adrenal gland, favours the excretion of po-
tassium ions in preference to sodium ions.

In birds and reptiles. The main excretory product of
birds and reptiles is uric acid. Since their glomeruli are
relatively small, so also is their daily volume of urine.
Not highly concentrated by mammalian standards—al-
though it may be turbid with crystals of uric acid—the
urine of birds and reptiles is conducted not to a urinary
bladder but to the terminal portion of the alimentary
canal, the cloaca; from the cloaca it is voided with the
feces. Like mammals, and unlike the lower vertebrates,
birds and reptiles have skins impermeable to water, and
thus are well adapted to terrestrial life. The relative in-
ability of the kidney to produce concentrated urine is
compensated for in birds that possess salt glands, which
remove excess salt from their bodies. These organs are
modified tear glands that discharge a concentrated solu-
tion of sodium chloride through the nostrils. Salt glands
enable marine birds to drink seawater with no ill effects.

In amphibians. The kidneys of amphibians have been
much studied by renal physiologists, and the direct evi-
dence for the occurrence of filtration at the glomerulus
was first provided by experiments on the amphibian
kidney.

Although amphibians are formally given the status of
terrestrial animals, they are poorly adapted to life on
land. They excrete nitrogen in the form of urea and can-
not produce urine more concentrated than the blood.
Their skins are permeable to water. On land amphibians
are liable to lose water very rapidly by evaporation. In
freshwater they suffer entry of water by osmosis, which
is counteracted by the excretion of a large volume of di-
lute urine. The urine is stored in a large bladder before
being voided, providing a reserve of water the animal
can use when it comes on land.

When an amphibian leaves the water, a number of phys-
iological adjustments are made that have the effect of
conserving water. The rate of glomerular filtration is re-
duced by restriction of the blood supply, and this to-
gether with an increased release of antidiuretic hormone
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results in the production of a small volume of urine of
the same concentration as the blood. The antidiuretic
hormone also increases the permeability of the bladder
to water and allows the stored urine to be reabsorbed
into the body.

Fishes. The homeostasis problem is the same for
freshwater fishes as for other freshwater animals. Water
enters the body by osmosis and salts leach out. To com-
pensate, the kidney (which has large glomeruli) produces
a relatively large amount (about 20 percent of the body
weight per day) of dilute urine. This serves to remove the
water but by itself is insufficient to prevent gradual loss
of salts. Extremely diluted salts are taken up from the
freshwater and transported directly into the blood by
certain specialized cells in the gills. Nitrogenous excre-
tion is no problem: some ammonia is carried away in
the large volume of dilute urine, but most of it simply
escapes to the external medium by diffusing through the
gills.

By contrast, the homeostasis problem of marine fishes
is unlike that of most marine animals. The salt content
of the blood of marine fishes is less than half that of sea-
water (see below under Evolution), with the consequence-
that the marine fish tends to lose water and gain salt.
This, it would seem, could be compensated most easily
by the excretion of urine more concentrated than the

“blood, but the kidneys of fishes are not able to do this. In

marine bony fishes the kidney has small glomeruli and
produces only a small amount (about 4 percent of the
body weight per day)-of urine, which is of the same con-
centration as the blood. The fish replaces its lost water
by continually swallowing seawater, and the special cells
of the gills, working in reverse, reject salt to the external
medium. Nitrogen is excreted mostly as ammonia but
also as another detoxication product, trimethylamine ox-
ide.

In sharks and rays ammonia is converted to urea, and
urea plays.an important role in homeostasis. Surprising-
ly, urea is retained in the blood to such an extent that the
blood is slightly more concentrated than seawater. Thus
loss of water by osmosis is prevented and these fish have
no need to swallow seawater. Any excess of salt in their
bodies is removed via the rectal gland, functionally anal-
ogous to the salt gland of birds. :

Osmotic and ionic regulation in fishes is under hor-
monal control. This has been studied particularly in
fishes such as eels and salmon, which are able to move
between freshwater and seawater.

EVOLUTION OF THE VERTEBRATE EXCRETORY SYSTEM

Studies of the embryonic development of primitive ver-
tebrates, such as the dogfish shark, clearly show that the
excretory system arises from-a series of tubules, one pair
in every segment of the body between the heart and the
tail. This continuous series of tubules constitutes the ar-
chinephros, the name implying that the kidney of the
ancestral vertebrate had some such form as this. Each
tubule opens internally to the body cavity and may, in
the remote past, have opened separately to the exterior;
but in all living vertebrates the tubules open on each
side into a longitudinal duct, the archinephric duct. At
the posterior end of the body cavity the two archinephric
ducts unite before opening to the exterior. Later in de-
velopment, Bowman’s capsule arises as a diverticulum
of each tubule, subsequently becoming indented by the
glomerulus, Eventually, the tubules usually lose their in-
ternal openings to the body cavity. The most anterior
tubules of the archinephros (pronephros) usually degen-
erate in the adult.

These ducts and tubules also subserve the reproductive
function, and for this reason zoologists are accustomed
to spéak of them as the urinogenital system. The extent
to which the ducts and tubules are shared is greater in
the male than in the female. In the male the spermatic
tubules of the testis connect with the kidney tubules in
the middle region of the archinephros (mesonephros),
and in some vertebrates (e.g., the frog) where there is no
development of the posterior region (metanephros), the
tubules of the mesonephros serve to convey both urine
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and sperm. In the reptiles, birds, and mammals there is
greater separation of function, the mesonephros being
exclusively genital and the metanephros being exclusively
urinary (see Figure 3).

Figure 3: Evolution of the urogenital system in male
vertebrates.

The ancestral archinephric condition has evolved in different
patterns for the amphibians, reptiles, and mammals (birds
have a pattern similar to reptiles). The broken lines indicate
the change in ancestral plan in each of the major vertebrate
classes.

In the female, even in the lower vertebrates, the two
systems ‘are confluent only at the posterior end. It has
been held that the oviduct is a derivative of the archine-
phric duct, but the evidence for this is not compelling.

In primitive marine animals the blood is almost identi-
cal with seawater in composition; in typical freshwater
animals the concentration of the blood is about half that
of seawater. Many originally marine animals have
evolved the ability to live in freshwater; relatively few
animals, after having evolved into freshwater, have re-
turned to the sea, and in none of them has the blood re-
turned to its original “seawater” concentration. The ear-
liest fossil vertebrates are found in marine deposits, but
the fossil record shows clearly that the early evolution of
fishes took place in freshwater. It is assumed that the
blood of early freshwater fishes, like that of other fresh-
water animals, was osmotically equivalent to half-
strength seawater. The sharks and rays returned to the
sea during the Carboniferous Period, and no doubt at
that time they evolved the device of urea retention. The
bony fishes returned to the sea later, in the Mesozoic Era,
and solved their problem by swallowing seawater and re-
jecting excess salt at the gills.
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tion in Animals (1963 ); and K. SCHMIDT- NIELSEN, Desert Ani-
mals (1964), with particular regard for the problems of water
conservation in animals.

J.AR.)

Excretory System, Human

The excretory system, also called the urinary system, nor-
mally consists of two kidneys, which remove dissolved
waste and excess substances from the blood and form
urine; the bladder, where the urine is stored; the two ure-
ters, which convey urine from the kidneys to the bladder;
and the urethra, the passageway by which urine leaves
the body (the development of this system is detailed in
EMBRYOLOGY, HUMAN; its functioning, in EXCRETION, HU-
MAN). For a general treatment, see EXCRETION AND EX-
CRETORY SYSTEMS. This article is focussed on the struc-
ture of the system, including only such details of the
functioning as are necessary to illuminate the structure.

THE KIDNEYS

General description and location. Resembling kidney
beans in shape and colour, the kidneys are reddish-
brown, and are concave on one long side, convex on the
opposite. They are normally high in the abdominal cav-
ity and against its back wall, lying on either side of the
vertebral column between the levels of the twelfth tho-
racic and third lumbar vertebrae, and outside the perito-
neum, the membrane that lines the abdomen.

The location of the kidneys varies with changes in pos-
ture; they ascend somewhat when the body is recumbent
and descend when it is erect. Their location is also influ-
enced by movements of the diaphragm, the muscular par-
tition between the chest and the abdomen that moves up
and down as part of the processes of breathing. The right
kidney is usually located about 1.5 centimetres (about 0.6
inch) lower than the left, as it is displaced downward by
the greater bulk of the liver on the right side.

The long axis of the kidneys corresponds roughly with
that of the body, except for a slight tilt that brings the
upper ends closer to the backbone. Centred in the medial
side of each kidney (the concave side toward the back-
bone) is a deep vertical cleft, the hilus, which leads into a
cavity in the kidney known as the renal (kidney) sinus.
The hilus is the point of entrance or emergence for the
renal arteries, veins, lymphatic vessels, and nerves, and it
includes the renal pelvis, the expanded upper end of the
ureter.

The size of the kidneys varies. In adults their average
length is 12 centimetres, their width seven centimetres,
and their thickness 2.5 centimetres (in inches, about 4.7,
2.8, and one, respectively). Their average weight in men
is about 145 grams (about five ounces); in women, about
ten grams (0.4 ounce) less. ,

The kidneys are close to many other structures, sepa-

- rated from them only by the renal fascia (a sheet of con-

nective tissue) or by fat. The relationships of the two kid-
neys differ. )

In front, the right kidney is close to the liver, the right
adrenal (suprarenal) gland, the descending part of the
duodenum (the first portion of the small intestine), and
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the right colic flexure of the large intestine—the angle
between the vertical section of the colon on the right
(ascending colon) and the horizontal portion (transverse
colon).

Almost the entire area near the liver, like the part
near the small intestine, is covered by peritoneum, which
the other areas lack. The upper front surface of the left
kidney is near the left adrenal gland, the stomach, and
the spleen; the narrow portion of the pancreas called its
tail runs across the middle of the kidney, and coils of
the small intestine cover its lower half.

Behind, both kidneys lie on a bed of fatty tissue. They
are close to the diaphragm and two of its ligaments; to
two muscles at the back of the abdominal cavity, the
psoas major and the quadratus lumborum; and to the
tendon of another muscle, the transversus abdominis.

Enclosing each kidney is the renal capsule, a smooth,
tough covering. This covering is continuous with the lin-
ing of the renal sinus and with the connective tissue
framework of the kidney. :

The fat-laden retroperitoneal tissues, especially plenti-
ful behind and to the outer side of each kidney, make up
what is called the adipose renal capsule. Within the fatty
tissue is a fibrous sheet, the renal fascia, that encloses—
and forms a partial partition between—each kidney and
its corresponding adrenal gland. The compartment
formed by the renal fascia is relatively open below, so
that any blood, urine, or pus that collects around a kidney
as a result of injury or infection tends to spread down-
ward along a ureter rather than to either side. In conse-
quence, abscesses or collections of blood (hematomas)
affecting either kidney rarely involve the opposite kidney
or the space around it.

Figure 1: Human renal excretory system.
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Renal vessels and nerves. The renal arteries are large
and arise, one on each side, from the abdominal aorta, at
a point opposite the upper border of the second lumbar
vertebra (i.e., a little above the small of the back). Be-
cause of the position of the aorta, ordinarily a little to the
left of the midline, the right renal artery is longer than
the left. Each artery, at places close to the renal hilus,
gives off small branches to the adrenal gland and ureter
and branches into anterior and posterior divisions. Each
division then divides further to supply the various parts
of the kidney.

The large veins carrying blood from the kidneys usually
lie in front of the. corresponding arteries and join the
inferior vena cava almost at right angles. The left vein is
about 7.5 centimetres (about three inches) long. The right
vein is about 2.5 centimetres (about one inch) long, be-
cause the inferior vena cava lies closer to the right kidney.

The kidneys are supplied from both the sympathetic and
the parasympathetic components of the autonomic ner-
vous system, and the renal nerves contain both afferent
and efferent fibres (afferent fibres carry nerve impulses to
the central nervous system; efferent fibres, from it).

Internal configuration. A cross section of a kidney re-
veals the renal sinus—the large cavity that has already
been mentioned—and areas of kidney tissue usually dis-
tinguishable by their colour. The paler tissue, called the
renal medulla, is roughly in the form of cones, called
renal pyramids, with bases outward and apexes project-
ing, either singly or in groups, into the renal sinus. The
bases of the pyramids are irregular, with slender projec-
tions, called rays, extending toward the kidney surface.
The darker tissue is the cortex. It arches over the bases of
the pyramids and has extensions, called renal columns,
that fill gaps between the pyramids.

Each projection of one or more pyramid apexes into the
sinus is known as a renal papilla, and each group of pyra-
mids that project into a papilla, together with the portion
of cortex that arches over the group, is a renal lobe.

The renal sinus includes the renal pelvis, a funnel-
shaped expansion of the upper end of the ureter, and,
reaching into the kidney substance from the wide end of
the funnel, two or three extensions of the cavity called
the major calyces. The major calyces are divided in turn
into six to twelve smaller cavities, the minor calyces, into
which the renal papillae project. The renal pelvis serves
as the initial reservoir for urine, which flows into the sinus
through the urinary collecting tubules, small tubes that
open into the sinus at the papillae.

Minute structure. The functioning units of the kid-
neys, the structures that actually produce urine in the
process of removing waste and excess substances from
the blood, are the nephrons, of which there are approxi-
mately 1,000,000 in each kidney. Each nephron is a long
tubule, or extremely fine tube, at one end closed, ex-
panded, and folded into a double-walled cuplike struc-
ture. This structure, called the renal corpuscular capsule
or Bowman’s capsule, encloses a cluster of microscopic
blood vessels—capillaries—called the glomerulus. The
capsule and glomerulus together constitute the renal cor-
puscle. Blood flows into and away from the glomerulus
through tiny arteries called arterioles, which reach and
leave the glomerulus through the open end of the capsule.
This opening is called the vascular pole of the corpuscle.

In the renal corpuscle, fluid filters out of the blood in the
glomerulus through the inner wall of the capsule and into
the nephron tubule. As this filtrate passes through the
tubule, its composition is altered by secretion of certain
substances into it and by selective reabsorption of water
and other constituents from it. The final product is urine,
which is conveyed through the collecting tubules into the
renal pelvis.

The tubules of the nephrons are 30-55 millimetres (1.2—
2.2 inches) long. The corpuscle and the initial portion of
each tubule, called the proximal convoluted tubule, lie in
the renal cortex. The tubule then descends into a renal
pyramid, makes a U-shaped turn, and comes back to the
cortex at a point near its point of entry into the medulla.
This section of the tubule, consisting of the two parallel
lengths and the bend between them, is called Henle’s loop
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Figure 2: Stylized drawing of nephron, glomerulus, and
collecting tubule.

From Stedman’s Medical Dictionary; 21st ed. (1966); The Williams & Wilkins Co.,
Baltimore

or the nephronic loop. After its re-entrance into the cor-
tex, the tubule returns to the vascular pole (the opening
in the cuplike structure of the capsule) of its own neph-
ron. The final portion of the tubule, the distal convoluted
tubule, leads from the vascular pole of the corpuscle to a
collecting tubule, by way of a short junctional tubule.
Several of the collecting tubules join together to form a
somewhat wider tubule, which carries the urine to a renal
papilla and the renal pelvis.

The successive sections of the nephron tubule vary in
shape and calibre (e.g., one portion of Henle’s loop is
considerably narrower), and these differences, together

* with differences in the cells that line the sections, are as-

sociated with specific functions in the production of urine.

Intrarenal network of blood vessels. The intrarenal
network of blood vessels merits particular attention, since
it forms part of the blood-processing apparatus of the
kidneys. The anterior and posterior divisions of each
renal artery, mentioned earlier, divide into lobar arteries,
each of which enters the kidney substance through or
near a renal papilla. Each lobar artery gives off two or
three branches, called interlobar arteries, which run out-
ward between adjacent renal pyramids. When these reach
the boundary between the cortex and the medulla they
split almost at right angles into branches called arcuate
arteries that curve along between the cortex and the me-
dulla parallel to the surface of the kidney. Many arteries,
called interlobular arteries, branch off from the arcuate
arteries and radiate out through the cortex to end in net-
works of capillaries in the region just inside the capsule.
En route they give off numerous branchlets, the arterioles
that carry blood to the glomeruli and break up to form
the capillaries of each glomerulus. They are then recon-
stituted to become the arterioles carrying blood away
from the glomeruli. The arterioles bringing blood to the
glomeruli are called afferent; those carrying blood away,
efferent.

Throughout most of the cortex the efferent arterioles re-
divide into a second set of capillaries located between the
nephron tubules, these capillaries participate with the
nephron tubules in the complex process that begms with
the glomerular filtrate and ends with urine.

The afferent arterioles are almost twice as thick as the
efferent arterioles because they have thicker muscular
coats, but their channels are almost equal.

In the cortical region near the medulla, the area called
the juxtamedullary zone, the efferent glomerular arteri-
oles divide into vessels supplying the contiguous tubules
and others that enter the bases of the renal pyramids.

Krnown as the arteriolae rectae spuriae, these vessels run
toward the apexes of the pyramids. Ultimately uniting to
form vessels called venae rectae, they drain into the arcu-
ate veins that parallel the arcuate arteries. Some arteri-
oles that arise in the cortex, in the juxtamedullary zone,
run directly into the pyramids without breaking up into
glomeruli. Since they become increasingly common with
age, these arterioles are probably accounted for by the
degeneration of glomeruli to which they were originally
afferent.

Normally the blood circulating in the cortex is more
abundant than that in the medulla, but in certain condi-
tions such as those associated with severe trauma—e.g.,
crushing of the limbs—most cortical vessels may become
constricted and the juxtamedullary vessels dilated. In
consequence much or even most of the renal blood flow
may bypass the cortex and run through the relatively few
but larger juxtamedullary glomeruli and arterioles. This
is known as the renal shunt mechanism; because of the
short-circuiting of most of the cortical glomeruli and tu-

- bules, the flow of urine is diminished, and in extreme

cases may cease.

The renal venules (small veins) and veins accompany
the arterioles and arteries closely and are referred to by
similar names. The venules just beneath the renal cap-
sule, called stellate venules because of their radial ar-
rangement, drain into interlobular venules. In turn these
combine to form the tributaries of the arcuate, interlobar,
and lobar veins. Blood from the renal pyramids passes in-
to vessels called venae rectae that join the arcuate veins.
In the renal sinus the lobar veins unite to form veins cor-
responding to the main divisions of the renal arteries, and
they normally fuse to constitute a single renal vein in or
near the renal hilus.

The branches of the renal arteries interconnect only
through capillaries. Such interconnections cannot provide
adequate supplies of blood for an active organ; if, there-

fore, one of the main renal arterial branches is blocked

as a consequence of disease or injury the area is largely
deprived of blood and dies. The intrarenal veins and
venules interconnect (anastomose) more freely than the
arteries, so that venous disease or injuries produce less
serious effects.

The stellate venules just inside the capsules interconnect
with veins in the adipose capsule of the kidney, and the
latter with veins serving the adrenal glands, the ureters,
the sex glands, and the loins. These interconnections are
normally insignificant, but in disease, particularly when
it causes slow blockage of the renal veins, the intercon-
nections may enlarge and provide an adequate venous
drainage for the kidneys.

Lymphatic capillaries are in a network just inside the
renal capsule, and there is a deeper network between and
around the renal blood vessels. There are few lymphatic
capillaries in the actual renal substance, and those pres-
ent are evidently associated with the connective tissue
framework, while the glomeruli contain no lymphatics.
The lymphatic networks inside the capsule and around
the renal blood vessels drain into lymphatic channels ac-
companying the interlobular and arcuate blood vessels.
The main lymph channels run alongside the main renal
arteries and veins to end in lymph nodes beside the aorta
and near the sites of origin of the renal arteries. Some
lymphatics from the upper part of the kidney and from
the adrenal gland pass upward through the diaphragm to
end in lymph nodes in the thorax.

THE URETERS

General characteristics. The ureters are thick-walled
ducts, about 25-30 centimetres (9.8—11.8 inches) in length
and from four to five millimetres (0.16-0.2 inch) in di-
ameter, that transport the urine from the kidneys to the
urinary bladder. Throughout their course they lie behind
the peritoneum, the lining of the abdomen and pelvis,
and are attached to it by connective tissue. The abdom-
inal and pelvic portions of the ureters are almost equal
in length.

In both sexes the ureters enter the bladder wall about
five centimetres (two inches) apart, although this distance
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is increased when the bladder is distended with urine. The
ureters run obliquely through the muscular wall of the
bladder for nearly two centimetres (0.8 inch) before
opening into the bladder cavity through narrow aper-
tures. This oblique course provides a kind of valvular
mechanism; when the bladder becomes distended it
presses against the part of each ureter that is in the
muscular wall of the bladder, -and this helps to prevent
the flow of urine back into the ureters from the bladder.
Structure of the ureteric wall. The wall has three
layers, the adventitia, or outer layer; the intermediate,
muscular layer; and the lining, made up of mucous mem-
brane. The adventitia consists of fibroelastic connective
tissue that merges with the connective tissue behind the
peritoneum. The muscular coat is composed of smooth
muscle fibres and, in the upper two-thirds of the ureter,
has two strata—an inner layer of fibres arranged longi-

tudinally and an outer layer disposed circularly. In the -

lower third of the ureter an additional longitudinal layer
appears on the outside of the vessel. As each ureter ex-
tends into the bladder wall its circular fibres disappear,
but its longitudinal fibres extend almost as far as the mu-
cous membrane lining the bladder.

The effect of gravity on the passage of urine from the
kidney to the bladder is minimal. The chief propelling
force is produced by peristaltic (wavelike) movements in
the ureter muscles. These movements may be initiated by
pacemakers of specialized muscle cells located ‘in the
renal pelvis or its calices. The mucous membrane lining
increases in thickness from the renal pelvis downward.
Thus in the pelvis and the calices of the kidney the lining
is two to three cells deep; in the ureter, four to five cells
thick; and in the bladder, six to eight cells. The mucous
membrane of the ureters is arranged in longitudinal folds,
permitting considerable dilation of the channel. There
are no true glands in the mucous membrane of the ureter
or of the renal pelvis.

THE URINARY BLADDER

General description. The urinary bladder is a hollow
muscular organ forming the main urinary reservoir. It
rests on the anterior part of the pelvic floor (see below),
behind the symphysis pubis and below the peritoneum.
(The symphysis pubis is the joint in the hip bones in
the front midline of the body and at its base.) The shape
and size of the bladder vary according to the amount of
urine that it contains. When empty it is tetrahedral in
form and lies within the pelvis; when distended it be-
comes ovoid and expands into the lower abdomen. It is
described as having a body, with a fundus, or base; a
neck; an apex; and a superior (upper) and two infero-
lateral (below and to the side) surfaces, although these
features are not clearly evident except when the bladder
is empty or only slightly distended.

The fundus or base is triangular and faces backward and
downward. In the male its lower part is close to the rec-
tum. Its upper part is separated from the rectum by a
pouch of peritoneum. In the female the bladder is close
to the cervix and the anterior wall of the vagina and is
connected to both by loose connective tissue. In both
sexes the ureters enter the bladder through the supero-
lateral angles (the angles above and to the side) of the
base, while the urethra leaves it through the third or in-
ferior angle.

The neck of the bladder is the area immediately sur-
rounding the urethral opening; it is the lowest and most
fixed part of the organ. In the male it is firmly attached
to the base of the prostate, a gland which encircles the
urethra. In the female there is no prostate, or only rudi-
mentary glands representing it, and the bladder neck is
continuous with the first part of the urethra.

The apex of the bladder points forward in both sexes
toward the upper part of the symphysis pubis and the
apex is attached to a ligament, the median umbilical
ligament, that extends upward on the inside of the an-
terior abdominal wall to the umbilicus. When the blad-
der is distended the apex rises above the symphysis.

The superior surface of the bladder is triangular and is
covered with peritoneum. The bladder is supported on
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the levator ani muscles, which constitute the major part
of the floor of the pelvic cavity. The bladder is cov-
ered, and to a certain extent supported, by the visceral
layer of the pelvic fascia. This fascial layer is a sheet of
connective tissue that sheaths the organs, blood vessels,
and nerves of the pelvic cavity. The fascia forms, in front
and to the side, ligaments, called pubovesical ligaments,
that act as a kind of hammock under the inferolateral
surfaces and neck of the bladder.

Blood and nerve supplies. The blood supply of the
bladder is derived from the superior, middle, and in-
ferior vesical (bladder) arteries. The superior vesical ar-
tery supplies the dome of the bladder, and one of its
branches (in some instances) gives off the artery to the
ductus deferens, a part of the passageway for sperms.
The middle vesical artery supplies the base of the blad-
der. The inferior vesical artery supplies the inferolateral
surfaces of the bladder and assists in supplying the base
of the bladder, the lower end of the ureter, and other
adjacent structures. Small branches from other arteries
often reach the bladder—in the female, branches from
the uterine and vaginal arteries.

The nerves to the urinary bladder belong to the sympa-
thetic and the parasympathetic divisions of the autonom-
ic nervous system. The sympathetic nerve fibres carry to
the central nervous system the sensations associated with
distention of the bladder, are concerned with vasomotor
functions (i.e., with the constriction of the smooth muscle
in the blood-vessel walls), and are believed by a majority
of research workers to be involved in relaxation of the
muscular layer of the vesical wall and with contraction of
the sphincter mechanism that closes the opening into the
urethra. The parasympathetic nerves are concerned with
contraction of the muscular walls of the bladder and with
relaxation of its sphincter. Consequently they are actively
involved in urination (also called micturition) and are
sometimes referred to as the emptying or detrusor nerves.

Structure of the bladder wall. The bladder wall has a
serous coat over its upper surface. This covering is a con-
tinuation of the peritoneum that lines the abdominal cav-
ity; it is called serous because it exudes a slight amount
of lubricating fluid called serum. The other layers of the
bladder wall are the fascial, muscular, submucous, and
mucous coats.

The fascial coat is a layer of connective tissue, such as
that which covers muscles. The muscular coat consists of
coarse fascicles, or bundles, of smooth muscle fibres ar-
ranged in three strata, with fibres of the outer and inner
layers running lengthwise, and with fibres of the inter-
mediate layer running circularly; there is considerable
intermingling of fibres between the layers.

In males the fibres of the outer layer pass into the pros-
tate anterior and posterior to the urethra, while others
blend with rectal muscular fibres to form the rectovesical
muscle. (The prostate is a gland through which the ure-
thra passes as it leaves the bladder. The rectovesical mus-
cle is so called because it is shared by the rectum and the
bladder.)

In females the outer layer is continuous with the mus-
culature in the walls of the urethra and the vagina. Other
fibre bundles in both sexes run into the pubovesical liga-
ments, mentioned previously as furnishing a support for
the bladder.

The circular or intermediate muscular stratum of the
vesical wall is thicker than the other layers. Its fibres, al-
though running in a generally circular direction, do inter-
lace.

The internal muscular stratum is an indefinite layer of
fibres that are mostly directed longitudinally.

The submucous coat consists of loose connective tissue
containing many elastic fibres. It is absent in the trigone,
a triangular area whose angles are at the two openings
for the ureters and the single internal urethral opening.
Slim bands of muscle run between each ureteric opening
and the internal urethral orifice; these are thought to
maintain the oblique direction of the ureters during con-
traction of the bladder. Another bundle of muscle fibres
connects the two ureteric openings and produces a
slightly downwardly curved fold of mucous membrane
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between the openings. Behind the internal urethral orifice
in males there is sometimes a slight bulge caused by the
projection of the median lobe of the prostate. This bulge,
called the uvula vesicae, may become much more prom-
inent in older men with enlargement of the prostate.

The mucous coat, the innermost lining of the bladder,
is an elastic layer impervious to urine. Over the trigone
it is firmly adherent to the muscular coat and is always
smooth and pink whether the bladder is contracted or
distended. Elsewhere, if the bladder is contracted, the
mucous coat shows multiple folds and has a red, velvety
appearance. When the bladder is distended, the folds are
obliterated, but the difference in colour between the paler
trigonal area and the other areas of the mucous mem-
brane persists. The mucous membrane lining the bladder
is continuous with that lining the ureters and the urethra.

THE URETHRA

General description. The urethra is the channel that
conveys the urine from the bladder to the exterior. In the
male it is about 20 centimetres (about 7.9 inches) long
and carries not only the urine, but also the semen and the
secretions of the prostatic, bulbo-urethral, and urethral
glands. During urination and orgasm it opens up, and its
diameter then varies from 0.5 to 0.8 centimetre (0.2 to
0.3 inch) along its length, but at other times its walls
touch and its lining is raised into longitudinal folds. The
male urethra has three distinguishable parts, the pros-
tatic, the membranous, and the spongy, each part being
named from the structures through which it passes rather
than from any inherent characteristics.

The prostatic section of the male urethra commences at
the internal urethral orifice and descends almost verti-
cally through the prostate, from the base of the gland to
the apex, describing a slight curve with its concavity for-
ward. It is about 2.5 to three centimetres (one to 1.2
inches) long and is spindle-shaped; its middle portion is
the widest and most dilatable part of the urethra. The
posterior wall of the prostatic section shows a longitudi-
nal elevation, the urethral crest, and the shallow furrows
on each side of the crest are the prostatic sinuses into
which the numerous prostatic glands open through tiny
pores. The crest becomes slightly more prominent at
about its midpoint to form a further elevation called the
seminal colliculus. The colliculus has three openings on
its surfaces. On either side of the central opening, which
leads to a short cul-de-sac, are the openings through
which the right and left ejaculatory ducts discharge sem-
inal fluid into the urethra.

The membranous part of the male urethra is so called
because it is in the area between the two layers of a mem-
brane, called the urogenital diaphragm. The urethra is
narrower here than at any other point except at its ex-
ternal opening and is encircled by a muscle, the sphincter
urethrae. The two small bulbo-urethral glands are on
either side of it. The membranous urethra is not firmly
attached to the layers of the urogenital diaphragm.

The spongy part of the male urethra is that part of the
urethra that traverses the penis. It derives its name from
the fact that it passes through the corpus spongiosum of
the penis. The shape and calibre of this section of the
urethra vary. As in other parts of the urethra, the walls
are normally touching except during micturition and or-
gasm.

The ducts of the bulbo-urethral glands enter the spongy
urethra about 2.5 centimetres (one inch) below the lower
layer of the urogenital membrane; except near its outer
end, many mucous glands also open into it.

The female urethra is much shorter (three to 4.5 centi-
metres, or 1.2 to 1.8 inches), and more distensible than
the corresponding channel in men and carries only urine
and the secretions of mucous glands. It begins at the in-
ternal opening of the urethra into the bladder and curves
gently downward and forward through the urogenital di-
aphragm, where it is surrounded, as in the male, by the
sphincter urethrae. It lies behind and below the symphysis
pubis. Except for its uppermost part, the urethra is em-
bedded in the anterior wall of the vagina. The external
urethral orifice is immediately in front of the vaginal

opening, about 2.5 centimetres (about one inch) behind
the clitoris, and between the labia minora, the inner folds
at the outer opening of the vagina.

The lining is raised in longitudinal folds and, except dur-
ing micturition, the walls of the urethra touch. Near the
lower end of the urethra a number of mucous glands
drain into the urethra through two short ducts opening
on either side of the external urethral orifice.

Structure of urethral wall. The male urethra is a tube
of mucous membrane supported on a submucous layer
and an incomplete muscular coat. The membrane forms
longitudinal folds when the tube is empty; these folds are
more obvious in the membranous and spongy parts.
There are many glands in the mucous membrane, more
common in the posterior wall of the spongy part. The
submucous layer is composed of fibroelastic connective
tissue containing numerous small blood vessels, including
more venules than arterioles.

The thin muscular coat consists of smooth muscle fibres.
Around the prostatic and, to a lesser extent, around the
membranous parts of the urethra, this coat can be differ-
entiated into inner longitudinal and outer circular layers.
Scanty bundles of smooth muscle fibres, disposed mainly
in a circular or oblique fashion, surround the spongy part
of the urethra. :

The female urethra has mucous, submucous, and mus-
cular coats. As in the male, the lining of the empty chan-
nel is raised into longitudinal folds. It also shows mucous
glands, mentioned in the preceding paragraphs as exist-
ing in the male urethra.

The submucous coat resembles that in the male, except
that the venules are even more prominent. In both sexes,
but especially in females, this layer appears to be a va-
riety of erectile tissue.

The muscular coat extends along the entire length of the
female urethra and is continuous above with the muscula-
ture of the bladder. It consists of inner longitudinal and
outer circular layers, and fibres from the latter intermix
with those in the anterior wall of the vagina, in which the
urethra is embedded.
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Excretory System Diseases

The term excretory system, a convenient label with
which to cover the kidneys and the urinary tract in one
system, describes with accuracy an important part of
renal (kidney) function, that part which concerns the dis-
posal of waste products; i.e., compounds such as urea
that are formed in the breakdown of food and tissue but
that must be eliminated from the body because they can-
not normally be used to supply either energy or struc-
tural material. Some such wastes are disposed of by the
lungs, skin, and bowel; but the kidneys are the most spe-
cialized excretory organ.

The functioning unit of the kidney is the nephron, con-
sisting of (1) a cluster of minute blood vessels or capil-
laries called the glomerulus; (2) a double-walled capsule,
enclosing the glomerulus; and (3) continuous with the



The two
major
aspects of
renal per-
formance

Edema and
dehydra-
tion

capsule a long, winding, narrow tube of varying diameter
and wall thickness. Fluid filters from the blood through
the walls of the glomerulus. The fluid normally differs
from the blood in its lack of cells and proteins. The cap-
sule and tubulés reabsorb substances, including water,
from the filtrate, and excrete into the filtrate substances
that are waste products or in excessive supply.

If the task of excretion does not occur solely in the kid-
neys, neither does “excretion” fully describe everything
that these organs do. Importantly, they also regulate the
amount and composition of the body fluid, which ac-
counts for well over half of the total mass of the body.
This regulatory or homecstatic function of the kidneys
has to be kept in mind if the mechanisms that underly
the varied manifestations of renal disorders are to be un-
derstood. The excretory and regulatory functions of the
kidneys together constitute their most notable role in the
body’s economy; but the kidneys are also a source of im-
portant hormones, renin and erythropoietin. The impact
of excretory system diseases on the two major aspects of
renal performance—the elimination of wastes and the
conservation of an appropriate amount and quality of
body fluid—is the primary concern in this article. Many
of the manifestations of renal disease can be accounted
for in terms of disturbance of these two functions, and
the alleviation of varieties of renal disease that cannot
yet be cured is dependent on man’s knowledge of these
two functions.

The matter does not, of course, end with the formation
of urine, a quite unconscious process; the urine has to
pass down the ureters to the bladder, be stored there, and
voided when convenient, under voluntary control. The
whole mechanism can be deranged by structural changes
in the lower urinary tract, by infection, or by neurologi-
cal disorders that lead to abnormal emptying of the
bladder. Disturbance of the lower urinary tract is an im-
portant cause of pain and distress, notably during preg-
nancy and in the elderly; and it can lead to serious and
progressive damage to the kidneys, either by interfering
with the drainage of urine or by allowing bacterial infec-
tion to have access to the kidney.

FUNCTIONAL ASPECTS OF EXCRETORY SYSTEM DISEASES

Diseases often manifest themselves as patterns of dis-
ordered function. In excretory system disease, the amount
and composition of the urine may become grossly inap-
propriate to the needs of the body, with consequent dis-
tortions of body fluids as outlined in this section. Distur-
bances of urine flow are also considered, but abnormal-
ities in the urine itself are dealt with in the article EXCRE-
TION, HUMAN.

Effects of abnormal renal function on body fluid. The
major constituents of body fluid are protein, water, and
electrolytes—the dissociated salts of sodium and potas-
sium. Renal disease in its diverse forms can lead to bod-
ily deficits or excesses of water, sodium, and potassium,
and also to protein deficits occasioned by great losses of
protein in the urine. Inability of the kidney to function
normally may lead to retention in the blood of the waste

products of protein metabolism such as urea and uric -

acid, and of other nitrogenous compounds such as creati-
nine. There may be abnormally high levels of phosphates
in the blood, which in turn can lead (for reasons about
which there is still some disagreement) to low blood
levels of calcium. The calcium deficiency can cause tet-
any, a condition marked by muscular spasms and pain,
and calcium may be lost from the bones in the process of
restoring normal calcium levels in the blood and tissue
fluid. For descriptive purposes, changes in volume,
changes in composition, and protein depletion of renal
origin will be discussed separately, but these disturbances
can and often do coexist.

Though body fluid is apparent only in the bloodstream,
it is present, and in larger amounts, in the tissues, both
between the cells (extracellular fluid) and within them
(intracellular fluid). Extracellular fluids, including blood
plasma, amount to 25 percent of body weight, and con-
tain sodium as their predominant cation (positive ion;
metals and hydrogen in solution are cations). Intracellu-
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lar fluids, amounting to 33 percent of body weight, have
potassium as their predominant cation. These various
“compartments” of body fluid are in osmotic equilib-
rium, so that if solute (e.g., sodium chloride) is added to
the extracellular compartment so as to increase the con-
centration of the extracellular solution, water will join it
to reduce the concentration, and that compartment will
increase. An increase in extracellular fluid, if it is con-
siderable, may be clinically apparent as edema, a swell-
ing of the tissues by fluid, which can usually be displaced
by firm pressure. Edema is present in acute inflammation
of the kidney (nephritis), in protein deficiency of renal or-
igin, and in chronic nephritis complicated by heart failure
associated with abnormally high blood pressure; a factor
common to all these states is failure of the kidneys to
excrete sodium in adequate amount. (If sodium were ex-
creted, water would be also in order for the osmotic equi-
librium to be maintained.) Importantly, the kidneys in
such edematous states need not themselves be diseased;
normal kidneys, in a patient with heart failure, may re-
tain sodium when handicapped in their function by poor
circulation and by abnormal amounts of sodium-retain-
ing hormones, such as aldosterone. Increase in extracel-
lular fluids is the only volume change that is both com-
mon and easily discernible in renal disease. The opposite
condition, sodium depletion or clinical dehydration, oc-
curs rarely, when the kidneys fail to conserve sodium
properly; this can happen in intrinsic renal disease, but
sodium depletion is more commonly the result of vomit-
ing and diarrhea when they are complications of termi-
nal renal disease. Dehydration can be recognized by a

lack of elasticity in the superficial tissues, and by poor

filling of the blood vessels, as well as by signs of impaired
circulation, including a fall in blood pressure. Though
changes in intracellular fluid volume occur in some-dis-
eases, especially when the potassium content of the body
is affected, there is no easy way of detecting them.

Because of the importance of osmotic forces in deter-
mining fluid distribution within the body, an important
attribute of body fluid is its overall osmotic concentra-
tion, or osmolality. This depends on the concentration of
solutes; while all solutes contribute to it, small particles
such as sodium or chloride ions are influential out of all
proportion to their weight, and indeed account for over
90 percent of the osmolality of plasma. In the context of
renal disease, changes in osmolality depend largely on
how the kidney handles water. When the kidney either is
incapable of conserving water or is not stimulated by
the antidiuretic hormone of the pituitary to reabsorb wa-
ter, water is lost from the body, and a state of water de-
pletion develops, characterized by increasing osmolality
of body fluid. At other times, the kidneys may retain too
much water, especially when too much hormone is pres-
ent; in this case, water excess results, giving a clinical
state of water intoxication, with decreased osmolality of
body fluids.

Besides osmolality, another very important general
property of body fluid is its degree of acidity or alkalin-
ity. This is largely regulated by the discharge of carbon
dioxide in expired air, but the kidneys are involved in the
excretion of nonvolatile acids, such as sulfate and phos-
phate. Imperfect function leads to retention of both or-
ganic and inorganic acid radicals, the state of so-called
renal acidosis. (Acid radicals are the negative ions of
acids, corresponding to hydrogen, the positive ion.) This
may occur as part of generalized renal failure or as a
specific disease of the renal tubules, one of whose func-
tions is to convert the slightly alkaline glomerular filtrate
into the (usually) acid urine. To do this, the tubules both
secrete hydrogen ions and synthesize ammonia; both or
either of these processes may be deficient.

Apart from these general changes in body fluid, the pat-
tern of individual constituents can be profoundly dis-
torted in renal disease. For many substances, the prob-
lem is one of failure of excretion, with consequent in-
creased concentration in body fluids. In so far as excre-
tion is achieved by filtration, the rise in concentration
may assist excretion, permitting prolonged states of bal-
ance, at the cost of increased, but often tolerable, levels
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of concentration. For example, a man in renal failure
must put out as much urea as a healthy man taking the
same diet; but he can only do so at a blood-urea con-
centration of 100 milligrams per 100 millilitres, instead
of a normal blood-urea of 25 milligrams per 100 mil-
lilitres. Substances whose concentration increases in this
way include urea, creatinine, uric acid, phosphate and
sulfate, urochrome, and indeed all the usual constituents
of urine apart from those that are “regulated” rather
than simply “excreted.” Potassium requires special men-
tion because of the special danger associated with reten-
tion of this substance, which can lead to fatal irregularity
of cardiac action. This is a recognized danger of acute
renal failure, now commoniy prevenied by use of the ar-
tificial kidney and its semipermeable membranes, and
sometimes by. the use of resins that will take up potas-
sium in the alimentary tract.

Normal urine contains traces of protein, and in many
forms of renal disease there is an increased excretion of
protein in the urine, usually representing an increased
permeability of the tuft of capillaries forming the glo-
merulus. This increased proteinuria (often, but less cor-
rectly, known as albuminuria) generally amounts to 0.5
gram per day or more. When it exceeds five grams per
day, and persists at. this level, the loss of protein in the
urine exceeds the capacity of the liver to produce new
protein from the available materials; the concentration
of protein in the blood decreases, and this leads to an in-
creasing outflow of fluid from the bloodstream into the
tissues (there is normally an equilibrium between the
physical pressure in the capillaries, which tends to force
fluids out, and the osmotic pressure of plasma proteins,
the effect of which is to hold fluid in). This balance of
forces is upset by a deficit of plasma proteins. The gen-
eral loss of fluid into the tissues leads to massive edema,
to which the kidneys contribute further by retaining salt
and water. The combination of high levels of protein in
the urine, low protein levels in the blood, and consequent
edema is known as the nephrotic syndrome. This is a
good example of a syndrome, defined as a recognizable
pattern of manifestations that has not one but a num-
ber of possible causes. Other examples of syndromesin
renal disease are acute renal failure and chronic renal
failure.

Disorders of urine flow. If little or no urine appears, it
may be because the kidneys are forming little urine (oli-
guria) or none (anuria); or.it may represent a holdup in
the bladder or urethra affecting the outflow from both
kidneys. About one person in 500 is born with only one
kidney, and loss of a kidney from disease or accident is
not rare. In such cases, patients with complete obstruc-
tion to the remaining ureter will experience the same ef-
fect as in obstruction of the entire lower urinary tract.
Partial or complete failure to form urine is treated in the
section on acute renal failure, obstructive conditions in
the section on diseases of the urinary tract, below. Blad-
der emptying also depends on an intact nerve supply. The
sensation of a full bladder is carried in the pelvic nerves
to the sacral region of the spinal cord; this desire to mic-
turate—urinate—may be inhibited by the higher centres
in the nervous system. In the lack of inhibition, and in-
deed with voluntary initiation, micturition is effected by
parasympathetic nerve impulses, again in the pelvic
nerves. Spinal disease and injury, and general diseases of
the central nervous system, can lead either to inconti-
nence or to difficulty in emptying the bladder. The dis-
tended bladder may later overflow, when pressure within
it builds up to overrule the failure of relaxation of the
urethral sphincters—the phenomenon of overflow incon-
tinence.

Pain associated with urination can arise from bladder
distension, which is then relieved by effective micturition;
from inflammation of the lower urinary tract, commonly
due to infection but rarely caused by chemical irritants
in the urine; and from mechanical irritation by tumour
or during the passage of stones. The term dysuria is ap-
plied to pain that accompanies, or closely follows, the
passage of urine. It is commonly, but not necessarily, as-
sociated with frequency of urination. This in turn may

represent either an irritable or contracted bladder; or the
actual amount of urine formed may be unusually large
(polyuria), in which case voiding is likely to be painless.
Sometimes polyuria may not be noticed by day, but may
manifest itself in the need to micturate on several occa-
sions during the night (nocturia). The acute onset of dys-
uria and frequency suggests urinary infection; sustained
polyuria is more likely to be due to renal failure (defec-
tive concentrating power) or to diabetes. In those who
drink beverages into the night, nocturia is physiological.

Incontinence, the involuntary passage of urine (or fe-
ces), may be due to a faulty nerve supply, which either
leaves the sphincters relaxed or allows them to be over-
come by disiension of the bladder. Comatose and dis-
turbed patients, especially among the elderly, are com-
monly incontinent. Apart from nerve lesions, the sphinc-
ters that normally prevent the escape of urine may be
damaged by repeated childbirth, by the growth of the
prostate, or by other distortions of the bladder neck.
Procedures have been devised to stimulate the sphincters
electrically, when their nerve supply is damaged; or to
stimulate the bladder to empty itself at set times. For the
problem of chronic incontinence, however, devices to
catch the urine and prevent soiling of clothing are the
most practical.

DISEASES OF THE KIDNEY

In this section, attention is directed not only to specific
diseases of the kidney but also to the syndromes of acute
and chronic renal failure, which have multiple causes.
Infective disorders of the kidney are dealt with later, as
part of the general problem of infection of the urinary
tract.

Acute renal failure. Acute renal failure occurs when
renal function suddenly declines to very low levels, so
that little or no urine is formed, and the substances, in-
cluding even water, that the kidney normally elimi-
nates are retained in the body. There are two main
mechanisms that can produce acute renal failure. When
the cardiac output—the amount of blood pumped into
the general circulation by the heart—is depressed by
hemorrhage or by medical or surgical shock, the renal
circulation is depressed to an even greater extent. This
leads directly to inefficient excretion, but, more impor-
tantly still, the kidney tissue cannot withstand prolonged
impairment of its blood supply and undergoes either
patchy or massive necrosis (tissue death). Given time,
the kidney tissue may regenerate, and it is on this hope
that the treatment of acute renal failure is based. The
form of acute renal failure that is due to a poor supply
of blood (ischemia) has many causes, the commonest and
most important being multiple injuries, abortion with ab-
normal or excessive bleeding from the female genital
tract, internal hemorrhage, transfusion reactions, and se-
vere heart attacks; an interesting special case is the trans-
planted kidney, which commonly goes through a phase
of acute renal failure that is independent of possible re-
jection. The second common mechanism of acute renal
failure is toxic. Many poisons are excreted by the kid-
ney, and in the process just like other urinary constitu-
ents they become concentrated and, in this way, reach
levels in the tubular fluid that damage the lining cells of
the tubules. Though the tubular cells die, and are shed in
the urine, regeneration can take place, and the patient
survive, if he can be maintained during the period of de-
pressed renal function and is not killed by other effects
of the poison. Poisons that can affect the kidney in this
way are numerous, but the main groups are heavy metals
(mercury, arsenic, uranium); organic solvents (carbon
tetrachloride, methanol); other organic substances (gly-
cols, aniline, phenindione, insecticides); and antibacterial
agents (sulfonamides, kanamycin, amphotericin). In ad-
dition to the ischemic and toxic causes of acute renal
failure, mention must be made of fulminating varieties
of acute renal illnesses that are generally mild (e.g., acute
glomerulonephritis—see below), and of the acute form
of immunologic rejection that can destroy a kidney ir-
revocably within minutes of transplantation.

The clinical course of acute renal failure can usefully
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be divided into an onset phase, a phase of established
acute renal failure, and a recovery phase. In general, but
not invariably, the second of these phases is character-
ized by a low output of urine—oliguria—and the third
by an increasing urine output (polyuria). The onset phase
is dominated by general illness, in which the episode of
acute renal failure arises; at this stage.there may be evi-
dence of threatened renal damage such as blood in the
urine or pain in the loins. At this early stage, renal dam-
age may be reversible by prompt treatment of circula-
tory failure or by infusion of diuretics, substances. that
increase urine flow. Once the onset phase has passed,
and acute renal failure becomes established, diuretics are
ineffective and may cause damage.

In the second phase, small amounts-of urine, often con-
taining red blood cells, or hemoglobin, are passed; com-
plete absence of urine is not common and suggests that
an obstruction is preventing urine from being passed. In
quantitative terms, a urine volume of less than 500 mil-
lilitres (about a pint) per day constitutes significant oli-
guria; this is the least amount in which the excretory de-
mand imposed by an ordinary diet can be met. In the
actual situation of acute renal failure, the excretory de-
mands may in fact be much greater,.since. many of the
causes of acute renal failure also are causes of increased
breakdown of the tissues in general. The nonprotein ni-
trogen of the blood increases, the rate of increase being
conditioned both by the degree of renal. failure and by
the amount of tissue breakdown. Besides nitrogen, the
kidney can no longer excrete adequate amounts of water,
sodium, and potassium. These various inadequacies point
the way to the necessary management of acute renal fail-
ure—the elimination from intake of any dangerous sub-
stance that the kidney can no longer handle. The diet
must either be free of protein or contain small amounts
of high-quality protein to lessen tissue breakdown. It
must also be free from sodium and potassium: many
persons with renal failure have died from pulmonary
edema, a correlate of sodium retention, and others from
the acute toxic effects on the heart of a raised level of
potassium in the blood. Water cannot be excluded from
the intake but must be limited. The concentration of so-
dium in the blood is a good guide to the adequacy of wa-
ter restriction, and a progressive fall in serum sodium im-
plies that too much water is being taken in. Kidney func-
tion may recover, often in seven to ten days. The use of
dialysis, the removal of waste products by straining the
blood through semipermeable membranes, gives further
time for renal recovery. Potassium can be removed from
the body by resins, but this is less often required if dialy-
sis is available.

Although by comparison with the oliguric phase the re-
covery phase presents fewer problems, the convalescent
kidney takes time to recover its full regulatory function,
and unusual losses of electrolytes may:occur at this
stage. Careful observation and measurements of non-
protein nitrogen and electrolytes are still required. Many
make a complete recovery from acute renal failure, but
in some persons residual renal damage persists. In a few,
this is so severe as to bring them effectively into the cate-
gory of chronic renal failure.

Chronic renal failure. The term uremia, though it is
sometimes used as if it were interchangeable with chronic
renal failure, really means an increase in the concentra-
tion of urea in the blood. This can arise in many acute
illnesses in which the kidney is not primarily affected,
and also in the condition of acute renal failure described
above. Uremia ought to represent a purely chemical
statement, but it is sometimes used to denote a clinical
picture, that of severe renal insufficiency.

As with acute renal failure, there are many conditions
that can lead to chronic renal failure. The two com-
monest causes are pyelonephritis and glomerulonephritis
(kidney inflammation involving the structures around the
renal pelvis or the glomeruli), and other common causes
are renal damage from the effects of high blood pres-
sure and renal damage from obstructive conditions of
the lower urinary tract. All of these primary disorders
are described below. What they have in common is a
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progressive destruction of nephrons (the functional units
in the kidneys), of which there are normally some 2,000,-
000, but which may be reduced to less than a twentieth
of that number in disease. The quantitative loss of neph-
rons can account for the majority of the changes ob-
served in chronic renal failure; the failure in excretion
is due directly to loss of glomerular filters, and other fea-
tures such as the large quantities of dilute urine represent
a change in tubular function that could be accounted for
by the increased load that each remaining nephron has
to carry. There are many other causes of chronic renal
failure besides the four common ones. They include con-
genital anomalies and hereditary disorders; diseases of
collagen (the fibrous protein found in connective tissue);
tuberculosis; the effects of diabetes and other metabolic
disorders; and a number of primary disorders of the
kidney tubules. Of the many causes, there are some that
have importance out of proportion to their frequency, by
virtue of their reversibility; these include remal amy-
loidosis (abnormal deposits in the kidney of a complex
protein substance called amyloid), whose causes may be
treatable; damage to the kidney from excessive calcium
or deficiency of potassium; uric acid deposition in gout;
the effects of analgesic agents—substances taken to al-
leviate pain—and other toxic substances.

The person suffering from renal failure may have no
symptoms other than a feeling of thirst and a tendency
(shared with many normal people) to pass urine at fre-
quent intervals and through the night; or he may be in
a coma, with occasional convulsions.

The general appearance of the sufferer may be sallow
and “earthy,” because of a combination of anemia and
the retention of urinary pigment. Even if not in actual
coma, the affected person may be withdrawn; muscle
twitchings and more general convulsions may occur. The
coma is thought to represent poisoning, and convulsions
are often related to the severity of the high blood pres-
sure that commonly complicates advanced renal failure.
Blurred vision is also a manifestation associated with
high blood. pressure. Bruising and hemorrhages may be
noticeable.

Although the toxin (or toxins) of uremia has yet to be
identified, the rapid improvement that follows dialysis
points strongly to a toxic component. Urea itself is not
notably toxic. Not all the chemical alterations in uremia
are simple retentions. There is acidosis—a fall in the al-
kalinity of the blood and tissue fluids—reflected clinical-
ly in deep respiration as the lungs strive to eliminate car-
bon dioxide. The capacity of the kidney to adjust to vari-
ation in intake of salt, potassium, and water becomes
progressively impaired, so that electrolyte disturbances
are common. Poor appetite, vomiting, and diarrhea are
common in uremic patients, and these in turn add anoth-
er component to the chemical disturbance. Phosphate is
retained in the blood and is thus associated with low
blood levels of calcium; the parathyroids are overactive
in renal failure, and vitamin D-is less than normally ef-
fective. (Parathyroid hormone causes release of calcium
from the bones, and vitamin D promotes absorption of
calcium from the intestines.) These changes can lead to
severe bone disease in persons suffering from renal fail-
ure, because bone caicium is depleted and the calcium
stores are not adequately replenished.

In chronic renal failure, excessive production of renin
by the kidney can lead to severe high blood pressure,
(hypertension); and the effects of this may even dominate
the clinical picture. In addition to damage to the brain
and the retina, the high blood pressure may lead directly
to heart failure. Hypertension can also accelerate the
progress of renal damage by its impact on the renal
blood vessels themselves, setting up a cycle that can be
hard to break.

The patient in advanced renal failure is vulnerable to
infection and other complications, such as vomiting or
diarrhea, which need special care. When symptoms of
advanced renal failure appear, deterioration can be de-
layed by a strict low-protein diet, 18-20 grams of high-
quality protein each day. In terminal renal failure, the
affected person can be rescued only by some form of
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dialysis and then maintained by dialysis or transplanta-
tion.

Glomerulonephritis. Glomerulonephritis is the disor-
der commonly known as nephritis, or Bright’s disease.
The primary impact of the disease is on the vessels of
the glomerular tuft, the cluster of capillaries in the neph-
ron. The suffix “-itis” suggests an inflammatory lesion,
and glomerulonephritis is indeed associated with infec-
tion, in the limited sense that it may begin soon after a
streptococcal infection and may be aggravated in its later
course by infections of various kinds. Nevertheless, there
is convincing evidence that glomerulonephritis does not
represent a direct attack on the kidney by an infective
agent but is, rather, an “allergic” disorder, in the sense
of the formation of antibodies that react against kidney
tissue, or of antigen—antibody complexes that lodge in the
glomerular tuft, with subsequent damage. This view of
glomerulonephritis is based partly on analogy with the
renal damage that can be induced in animals by allergic
mechanisms, and partly on finding that a protein compo-
nent of the allergic reaction is deposited in the diseased
glomerulus. Within the general concept of an allergic
disorder, there is ample room for a variety of primary
stimuli and of later disease-causing mechanisms. Such a
diversity is strongly suggested not only by the variations
in the glomerular tissues observed both with the ordinary
and with the electron microscope but also by the varying
manifestations of the disease observed in the affected
person. :

Acute glomerulonephritis. - Typically, acute glomeru-
lonephritis appears one to two weeks after a sore throat,
or—less commonly—after a streptococcal infection of
the skin has been present for some time.

The affected person notices puffiness of the face and
ankles, and at the same time the urine becomes scanty
and noticeably blood-stained. On examination, loose tis-
sues show edema, and the fluid is easily displaced by light
pressure; both the blood pressure and the blood levels of
urea are slightly or moderately increased. If fluids are
not restricted at this stage, or if the blood pressure rises
further, the person may experience severe breathlessness
(due to accumulation of fluid in the lungs) or convul-
sions. A week or so later, there is often an increase in
urine volume, there is no longer any blood in the urine,
and the blood pressure is back to normal. Protein is still
present in the urine, and this abnormality may persist
for some weeks or months, even in persons who ulti-
mately recover. The whole illness is an alarming one, but
the fact is that the acute attack of glomerulonephritis
needs no particular treatment other than some restric-
tion of fluid and protein, and that nine out of ten affected
persons recover completely. Exceptional outbreaks, with
a higher mortality, have sometimes been observed.

As just indicated, the usual sequel is complete recovery.
A very few patients may die in the acute attack, how-
ever, or in a few months’ time, when the impact of the
disease has been unusually severe. Another possibility is
that the affected person may appear to have recovered
completely, having lost all symptoms; but the disease
process remains active, and there is progressive loss of
nephrons, leading ultimately to chronic renal failure.
This process may take 20 years, for many of which the
person has no definite symptoms except that the urine
contains protein and small numbers of red blood cells.
This is the picture of latent nephritis, though it need not
be assumed that the finding of protein in the urine (pro-

teinuria) in the absence of symptoms means automati-

cally that the patient has kidney disease; symptomless
proteinuria has many causes and may indeed be found
in young people who never develop any later evidence of
renal disease. In summary, acute glomerulonephritis can
lead to renal failure within a few months or even weeks,
after many years of symptom-free proteinuria, or after a
period of massive proteinuria, which causes the neph-
rotic syndrome. All of these manifestations may be seen
although the affected person has never had, or cannot
recall, an acute attack. Persons with acute glomerulo-
nephritis who do badly are far outnumbered by persons
who sustain an acute attack but thereaftei do well.

/

Vascular disease. In the discussion of chronic renal
failure, attention was drawn to the cycle in which high
blood pressure secondary to renal disease can produce
further damage to the kidneys. Clearly, primary vascular
disease—disease affecting the blood vessels—could equal-
ly well be a cause of renal damage.

The most dramatic instance of this is the condition

‘known as “malignant hypertension,” or accelerated hy-

pertension, which arises when the blood pressure attains
really high levels, the diastolic figure (the blood pressure
between heart contractions) being 140 millimetres of
mercury or higher (the normal being around 80). Sus-
tained levels of this magnitude cause serious damage to
the arterioles, the smallest of the arteries; this-damage is
widespread, but as it affects the kidneys it produces rapid
destruction of renal substance, with a scarred kidney.
Unless the blood pressure is controlled, malignant hy-
pertension can cause death in a few months; since treat-
ment at an early stage is notably effective, the condition
represents an important medical emergency. Since the
retinas are damaged as rapidly as the kidneys, the af-
fected person may first notice blurring or loss of vision.

More modest, but still elevated, levels of blood pressure
can cause more gradual renal damage in elderly people
or in those made prematurely aged by widespread arte-
riosclerosis (“hardening of the arteries”). Here, the dam-
age is in the larger arteries rather than in the arterioles,
and the condition is one of slowly progressive scarring.
Renal damage can also arise, by various mechanisms, in
a large number of diseases that impair the blood ves-
sels, such as diabetes mellitus, the collagen disorders,
bacterial inflammation of the heart lining, and many
more.

Tumours. Tumours in general are covered in the ar-
ticle CANCER. Here those tumours peculiar to the ex-
cretory system, and their local effects, are briefly dis-
cussed. In the case of benign tumours, these effects in-
clude pressure on local structures and obstruction to
hollow organs; with malignant tumours, one must add
the possibilities of local invasion and of spread by the
bloodstream or lymphatics to other organs (metastasis).

Carcinoma. The commonest tumour of the renal sub-

stance is a carcinoma (formerly called a hyperneph- -

roma), a malignant tumour, arising from epithelial cells
(the cells of the bodily coverings and linings). One to two
percent of all tumours are renal carcinomas, and most
affected persons are aged from 40 to 60. The tumour
may be symptomless or may first be apparent from the
occurrence of metastases in the lungs, causing spitting up
of blood; or in the bones, causing pathological fracture.

Much more commonly, the first evidence of the tumour
is blood in the urine, which may be painless, or may
cause colic of the ureter, if clots are being passed. There
may also be a dull pain' in the loins, from stretching of
the kidney capsule. The tumour may be directly palpa-
ble, or it may be revealed by X-rays. The silhouette of
the kidney, revealed by X-rays, may be distorted by a
rounded swelling; or the renal pelvis, made visible by the
injection of a contrast medium, may be displaced or dis-
torted. Less common first indications of renal carcinoma
are an obscure fever, or polycythemia (excess of red cells
in the blood). Direct visual examination of the urinary
tract with an instrument called a cystoscope may demon-
strate the side that is affected, blood coming from one
ureteric opening only. Since this could equally arise from
a tumour of the renal pelvis, X-ray examination of the
renal pelvis is usually called for. An exploratory opera-
tion may sometimes be needed; if carcinoma is found to
be present, the kidney must be removed. There is some
evidence that the results of surgery may be somewhat
improved by radiation therapy. The overall outlook is
poor, with a five-year survival rate no better than 50 per-
cent. This is, however, one of the forms of malignant
tumour in which arrest or even regression has been de-
scribed.

Nephroblastoma (Wilms’ tumour). Nephroblastoma is
a less common, but nevertheless an important, tumour in
childhood, in which other forms of cancer are less com-
mon. About half the cases occur at ages two to four, but
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the tumour may be present even at birth. The tumour, a
mixture of various tissues of embryonic origin, rapidly
attains a large size, so that a mass in the child’s abdomen
is commonly the first abnormality noticed. Pain and
blood in the urine are much less common than in renal
carcinoma, affecting perhaps a fifth of patients. Spread
of tumour to the renal veins, with subsequent spread to
other structures, is common. The condition usually calls
for removal of the kidney, and the outlook is poor; both
kidneys may be affected, a situation that has on occasion
been dealt with by removal of both, followed by trans-
plant of a healthy kidney.

Other tumours. In addition to tumours of the renal
substance, the renal pelvis may be affected by fernlike
growths of the epithelium (papillomas).

Similar tumours affect the lower urinary tract, and the
whole group is discussed later in this article. Benign tu-
mours of the kidney substance occur, but rarely; on the
other hand, cysts (abnormal sacs filled with liquid or
semisolid substance) of the kidney are relatively com-
mon, but are not tumours in any strict sense, being rather
malformations brought about by failure of the embry-
onic tubules to achieve a proper outlet. Several forms of
renal cystic disease, most of them fatal, occur in infancy.
In the “sponge kidney” (medullary cystic disease) the
outlook is good. Various forms of solitary cyst occur,
which may need local surgical treatment if they cause
symptoms. The form of polycystic (multiple-cyst) renal
disease that allows survival into adult life is a familial
condition, in which several members of the family have
little trouble until middle life but then are progressively
affected by kidney malfunction. Episodes of blood in the
urine and urinary infection are common, and the kidneys
are large and irregular. Cysts of other organs—e.g., the
liver—may be present. X-rays show irregularity of the
renal pelvis, through pressure from the cysts. Puncture
of the cysts is possible, but the results are not encourag-
ing; the general treatment is that of chronic renal failure,
which may now include removal of the kidney and trans-
plantation.

OBSTRUCTION TO THE FLOW OF URINE

The causes of obstruction to the flow of urine lie in the
lower urinary tract and are dealt with in a later section;
here it is appropriate to consider the effects of urinary
obstruction on the kidney (obstructive nephropathy). It
should first be noted, however, that obstructions may
arise at the junction of the renal pelvis and the ureter,
either from faulty action of smooth muscle or from the
pressure of an abnormal blood vessel crossing the pelvis;
such cases can benefit from a plastic operation on the
renal pelvis or from division of the abnormal vessel.
Whether the obstruction arises in this way, or lower
down, it can lead to renal pain; to the passage of irregu-
lar amounts of urine when obstruction is intermittent;
and to a mass in the kidney when obstruction persists.
As the renal pelvis swells, the renal tissue shrinks, lead-
ing to the condition called hydronephrosis, in which a
greatly swollen sac is surrounded by a mere rind of atro-
phied renal tissue. A massive hydronephrosis, with negli-
gible renal substance remaining, may suggest removal of
the kidney.

Trauma. The kidney may be wounded in military op-
erations or in motor accidents, usually along with other
viscera. It may be bruised or even ruptured in closed in-
juries, including those from explosions, on the football
field, or by a foul blow in the boxing ring. Since the kid-
ney receives about a fifth of the heart output, bleeding
can be spectacular, both into the urine and into the tis-
sues and the kidney, forming a large mass of blood,
called a hematoma, and leading to surgical shock. Some
bleeding may follow the procedure of renal biopsy—tak-
ing a specimen of kidney tissue for examination—but
with proper precautions this is not severe. In the past,
massive irradiation to the kidney region led to chronic
renal damage (radiation nephritis); but with adequate
precautions, this should now be of historical interest only.

The usual signs of traumatic injury to the kidney are
blood in the urine and the development of a tender mass
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in the loin, with progressive signs of shock (pallor, sweat-
ing, fall in blood pressure). Such signs call for resuscita-
tion, and for surgical exploration if the bleeding con-
tinues. The surgical treatment may be carried out to ar-
rest the bleeding by closing the tear. Surgical removal of
the kidney may be done if it cannot be saved. Abnormal
solitary kidneys are not unknown, and such kidneys are
more exposed to trauma by their size or position. Re-
moval of such a kidney can lead only to death or émer-
gency transplantation.

Dialysis and transplantation. The failure of a vital
function normally, and by definition, leads to death;
but in the case of the kidneys there are two methods of
substituting for renal function. In principle the simpler
of these two is to transplant a kidney from a donor,
ideally an identical twin. The immunological and sur-
gical problems of transplantation are dealt with in the
article TRANSPLANTS, ORGAN AND TISSUE. Here only the
part played by renal transplantation in the total care of
renal disease is considered. The question of a transplant
does not arise in most cases of acute renal failure when
the loss of function is largely recoverable; and in chronic
renal failure it arises only when the residual renal func-
tion is barely adequate to support life. Transplantation
and dialysis are complementary rather than rival meth-
ods. Dialysis is used while a patient is awaiting transplant
and during episodes of oliguria or of threatened rejec-
tion, while, on the other hand, patients who find dialysis
a psychological burden can be offered a transplant. In
addition to its complementary role in a transplant pro-
gram, dialysis can be used independently in the main-
tenance of patients with chronic renal failure; and it can
be used to preserve life in acute renal failure and in acute
poisoning, to allow more time for recovery.

There are two main techniques of dialysis in current
use. In peritoneal dialysis, the patient’s own abdominal
cavity is used as the container of fluid; the fluid is run in,
allowed to reach equilibrium, and removed, taking with
it urea and other wastes. The process is tedious and can-
not be repeated over many occasions. But it has proved
suitable for the short-term treatment of acute renal fail-
ure. Hemodialysis (filtration of the blood through semi-
permeable membranes) has also been used in the treat-
ment of acute renal failure, since the method—the arti-
ficial kidney—was devised, in the 1940s; but, for chronic
use, the problem was one of repeated access to the arteri-
al bloodstream. This was largely solved by the introduc-
tion of a permanent shunt between an artery and a vein,
which could be diverted through the “artificial kidney”
when required. In the original artificial kidney, the pa-
tient’s blood was pumped through cellophane tubing im-
mersed in a large bath of physiological fluid (solution of
the same osmotic pressure as blood); in some later mod-
els, streams of blood and of dialyzing fluid are made to
flow in opposite directions, separated by plastic sheets.
This introduction of the “countercurrent” principle has
allowed the apparatus to be smaller, and disposable ver-
sions of both patterns are now available. Some patients
on intermittent hemodialysis have been kept alive for
nearly ten years now. Most continued hemodialysis is
still done in hospitals or special centres; but some pa-
tients using automatic equipment have been successfully
trained to carry out the procedure in their own home.

DISEASES OF URINARY TRACT

Obstruction. While it is possible for the urinary tract
to be obstructed by a large mass (tumour, stone, or for-
eign body) lying in the bladder, the tubular portions of
the tract (urethra and ureters) are much more vulnerable
to obstruction. The urethra may be obstructed by the
lodging therein of stones (calculi) formed in the bladder
or kidneys; by fibrous contraction of the urethral wall
(urethral stricture); and by congenital valve or dia-
phragm (membranous obstruction). Although not strictly
a part of the excretory tract, the prostate lies inconve-
niently close to the bladder neck, and in older men it is an
important cause of obstruction; fibrous disease of the
bladder neck can also cause obstruction. The ureters can
likewise be obstructed by calculi and stricture (narrow-
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ing); by fibrosis—scarring—of surrounding tissue (retro-
peritoneal fibrosis); and by tumour, though this is more
likely to cause blood in the urine.

Urinary calculi vary greatly in size and composition,
but mostly they contain calcium, together with phosphate
or oxalate. Stones of organic matter (uric acid, cystine)
are also found. Predisposing factors include infection, a
high rate of calcium excretion, a low rate of urine forma-
tion (e.g., in tropical countries, because of fluid loss
through sweating), and various metabolic disorders, no-
tably gout. They may cause trouble by their size; or by
entering the ureter or urethra, giving rise to colic, to
hematuria—blood in the urine—and, in the event of im-
paction, tc cbstructive kidney disease. The direct treat-
ment of calculi is surgical. The sufferer needs general in-
vestigation for any underlying cause; e.g., a functioning
parathyroid tumour that causes excessive excretion of
calcium.

In the past at least, a common cause of urethral stric-
ture was gonorrhea, in which inflammation of the ure-
thra is followed by scarring and stricture. Bruising of the
urethra by instruments during treatment can also occur.
The affected person has increasing difficulty in passing
urine, and the bladder becomes distended. Treatment
may be either by repeated dilation of the stricture or by
surgery.

Trauma. Apart from the urethra, the urinary tract is
likely to be injured only in massive general injury or by
accidental ligation (tying) of the ureters in a pelvic oper-
ation. The urethra can, however, be ruptured by a blow
or fall on the perineum (crotch) if it is trapped between
the external mass and the pelvic bone. If there is no ex-
ternal wound, the damage is indicated by the appearance
of a swelling containing blood and urine, by the failure
of any attempt to pass urine, and by bleeding from the
urethra. The patient becomes shocked, and a surgical op-
eration is urgently needed to repair the urethra and drain
the potentially infected swelling.

Tumour. The occurrence of papillomatous tumours,
initially benign but often becoming malignant, has al-
ready been mentioned in relation to the renal pelvis. Sim-
ilar tumours can occur in the lower urinary tract, and
these also give rise to painless hematuria. Workers with
the chemicals naphthylamine and benzidine have been
shown to have a high incidence of bladder tumours, of-
ten multiple and recurrent. Clinically, blood in the urine
is the most frequent symptom, but irritation of the blad-
der with difficulty in urination appears later. Removal
when practicable or destruction by diathermy are normal
treatments.

Infection of urinary tract. Infection of the urinary
tract is a common and important cause of both minor
and major illness. At one extreme, an attack of cystitis—
inflammation of the bladder—may cause only trivial dis-
comfort; on the other hand, infection once established
may cause lifelong discomfort, may be largely unrespon-
sive to treatment, and may greatly shorten life itself. In-
fection may be with a great variety of organisms, but the
commonest are those that inhabit the bowel, where
they are relatively harmless, becoming a cause of disease
only when they gain entrance to vulnerable tissue. Be-
cause of the short female urethra, urinary infections are
more common in women than in men and occur espe-
cially during pregnancies, when there may be partial
stagnation of the urine from pressure on the urinary
tract. In later life, as prostatic disease enters the picture,
urinary infection becomes more of a problem in men.
Another vulnerable period is infancy, when the use of
diapers probably facilitates entry of organisms into the
urethra. The introduction of a catheter into the bladder
may be necessary to relieve urethral obstruction, but
since the procedure always carries a risk of introducing
infection, it is not lightly undertaken.

In all forms of urinary infection the urine may be
cloudy and may contain more ammonia than usual. Uri-
nation tends to be painful if the urethra is inflamed, and
both painful and frequent if inflammation involves the
bladder. Bladder infection may also cause fever, dull pain
in the lower part of the abdomen, and vomiting. If the in-

fection reaches the kidneys, symptoms are even more
severe, and there is pain in the loins, on one or both
sides.

Urinary infection is diagnosed from the symptoms and
from laboratory examination of the urine. Treatment is
with sulfernamides or with broad-spectrum antibiotics.

Like other tissues, the excretory system can be involved
in tuberculous infection. This is now relatively uncom-
mon and, when it occurs, can often be managed by the
general chemotherapy appropriate to tuberculous infec-
tion. Advanced renal tuberculosis requiring removal of
the kidney rarely occurs.

BIBLIOGRAPHY. For further information, the following
may be consulted in their latest available edition: H.E. DE
WARDENER, The Kidney, 3rd ed. (1967), a clearly written
short textbook; M.B. STRAUSS and L.G. WELT (eds.), Diseases
of the Kidney, 2nd ed. (1971), a comprehensive textbook at
an advanced level; p.A.K. BLACK (ed.), Renal Disease, 3rd ed.
(1972), a multiple-author book, which concentrates on se-
lected areas of current development.

(D.AK.B.)

Exegesis and Hermeneutics, Biblical

Exegesis, or critical interpretation, and hermeneutics, or
the science of interpretive principles, of the Bible have
been used by both Jews and Christians throughout their
histories for various purposes. The most common pur-
pose has been that of discovering the truths and values of
the Old and New Testaments by means of various tech-
niques and principles, though very often, due to the exi-
gencies of certain historical conditions, polemical or
apologetical situations anticipate the truth or value to be
discovered and thus dictate the type of exegesis or her-
meneutic to be used. The primary goal, however, is to ar-
rive at biblical truths and values by an unbiassed use of
exegesis and hermeneutics.

NATURE AND SIGNIFICANCE

Biblical exegesis and hermeneutics play a basic role in
Jewish and Christian theology, since both Jews and
Christians are traditionally “people of the book.” The
major part of that book, the Hebrew Bible in the original
text or in one of its non-Hebrew versions, is common to
Jews and Christians. To it Christians add the New Testa-
ment, and some Christians also include in their Bible the
writings called the Apocrypha (from the Greek “hidden
away”), most of which, while not forming part of the He-
brew Bible, were included in the Greek version of the
Old Testament (the Septuagint), rendered by Hellenistic
Jews c. 2nd century BC, which constituted the “author-
ized version” of the early church.

Biblical exegesis is the actual interpretation of the sa-
cred book, the bringing out of its meaning; hermeneutics
is the study and establishment of the principles by which
it is to be interpreted. Where the biblical writings are in-
terpreted on a historical perspective, just as with philo-
logical and other ancient documents, there is little call
for a special discipline of biblical hermeneutics. But it
has been widely held that the factors of divine revelation
and inspiration in the Bible, which, according to Jewish
and Christian belief, set it apart from other literature,
impose their appropriate hermeneutical principles, al-
though there has been divergence of opinion on what
these principles are. Again, because of the place that the
biblical writings have occupied in synagogue and church,
their exploitation for apologetical or polemical ends,
their employment as a source for dogma or as a means of
grace, fostering individual and community devotion, and
the use of certain parts (especially the psalms) in the con-
gregational liturgy, the science of hermeneutics has been
studiously cultivated as a theological discipline. To treat
the Bible like any other book (even in order to discover
that it is not like any other book) has been condemned by
believers as an unworthy, not to say impious, attitude.

At times the languages in which the biblical texts were
originally composed have for that reason been treated as
sacred languages. Hebrew may be to the philologist a
Canaanite dialect, not substantially different from Phoe-
nician, or Moabite, or other Semitic languages, but for
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some people even today this language is invested with an
aura of sacredness. As for the language of the New Tes-
tament, in the days before its place within the general de-
velopment of Hellenistic Greek was properly appreci-
ated, it could be called a “language of the Holy Ghost,”
as it was by the German Lutheran theologian Richard
Rothe (1799-1867). And even scholars who know very
well the true character of the biblical languages are
tempted at times to make the Old and New Testament
vocabularies, down to the very prepositions, bear a
greater weight of theological significance than sound lin-
guistic practice permits. Where in other Greek literature
the context would be allowed to determine the precise
force of this or that synonym, there is a tendency to ap-
proach the New Testament with definitions ready made
and to impose them on the text: to give one example, of
two common Greek words meaning “new,” it is some-
times laid down in advance that kainos denotes new in
character and neos new in time (“young”). Often such dis-
tinctions are valid, but their validity must be established
by the context; where the context discourages such pre-
cise differentiations, they must not be forced upon it.

Again, it is a truism in linguistic study that the meaning
of a word depends on its usage, not on its derivation. It
may be of interest to know that the Hebrew word for
“burnt offering” (‘ola) etymologically means “ascending”
(cf. the verb ‘ala, “ascend”), and to trace the stages by
which it attained its biblical meaning, but this knowledge
is almost wholly irrelevant to the understanding of the
word in the Old Testament ritual vocabulary, and any
attempt to link it, say, with the ascension of Jesus in the
New Testament, as has been done, can lead only to con-
fusion.

Similarly there has been a tendency to place the history
contained in the biblical writings on a different level from
“ordinary” history. Here the increasing knowledge of the
historical setting of the biblical narrative, especially in
the Old Testament, has helped to remove the impression
that the persons and peoples portrayed in this narrative
are not quite ‘real”; it has integrated them with con-
temporary life and promoted a better understanding of
what they had in common with their neighbours and
what their distinctive qualities were.

BIBLICAL CRITICISM

A prerequisite for the exegetical study of the biblical
writings, and even for the establishment of hermeneutical
principles, is their critical examination. Most forms of
biblical criticism are relevant to many other bodies of
literature.

Textual criticism. Textual criticism is concerned with
the basic task of establishing, as far as possible, the orig-
inal text of the documents on the basis of the available
materials. For the Old Testament, until 1947, these ma-
terials  consisted principally of: (1) Hebrew manuscripts
dated from the 9th century Ap onward, the Masoretic
text, the traditional Jewish text with its vocalization and
punctuation marks as recorded by the editors called
Masoretes (Hebrew masora, “tradition”) from the 6th
century to the end of the 10th; (2) Hebrew manuscripts
of medieval date preserving the Samaritan edition of the
Pentateuch (first five books of the Bible); (3) Greek
manuscripts, mainly from the 3rd and 4th centuries AD
onward, preserving the text of the pre-Christian Greek
version of the Hebrew Bible together with most of the
apocryphal books (the Septuagint); (4) manuscripts of the
Syriac (Peshitta) and Latin (Vulgate) versions, both of
which were based directly on the Hebrew. Since 1947 the
discovery of Hebrew biblical texts at Qumran (then Jor-
dan) and other places west of the Dead Sea has made it
possible to trace the history of the Hebrew Bible back to
the 2nd century Bc and to recognize, among the manu-
scripts circulating in the closing generations of the Sec-
ond Jewish Commonwealth (c. 450 Bc—c. AD 135), at least
three types of Hebrew text: (1) the ancestor of the Maso-
retic text, (2) the Hebrew basis of the Septuagint version,
and (3) a popular text of the Pentateuch akin to the Sa-
maritan edition. A comparative examination of these
three indicates that the ancestor of the Masoretic text is
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in the main the most reliable; the translators of the Re-
vised Standard Version (1952) and New English Bible
(1970) have continued to use the Masoretic text as their
Old Testament basis.

For the New Testament the chief text-critical materials
are (1) manuscripts of the Greek text, from the 2nd to
the 15th centuries, of which some 5,000 are known, ex-
hibiting the New Testament text in whole or in part; (2)
ancient versions in Syriac, Coptic, Latin, Armenian,
Georgian, Ethiopic, and other languages; and (3) cita-
tions in early Christian writers. A comparative study of
this material enables scholars to get behind the Byzantine
type of text, (the types that first diffused from Constan-
tinople from the 4th century onward, gained currency
throughout Greek-speaking Christendom and formed the
basis of the earliest printed editions of the Greek testa-
ment) to a variety of types current in various localities in
the generations immediately preceding; but the more re-
cent discovery of manuscripts (mainly on papyrus) of the
3rd and even 2nd centuries, which cannot be neatly as-
signed to one or another of these types, makes the earlier
history of the text more problematic, and the Revised
Standard Version and New English Bible are both based
on an eclectic text (in which, where the witnesses show
variant readings, the reading preferred is that which best
suits the context and the author’s known style).

Philological criticism. Philological criticism consists
mainly in the study of the biblical languages in their
widest scope, so that the vocabulary, grammar, and style
of the biblical writings can be understood as accurately
as possible with the aid not only of other biblical writings
but of other writings in the same or cognate languages.
New Testament Greek, for example, is a representative
of Hellenistic Greek written in the 1st century AD, rang-
ing from the literary Hellenistic of Hebrews, I Peter, and
portions of Luke—Acts, to the colloquial or vernacular
idiom of some other books (e.g., the conversations in the
Gospels). Some Aramaic influences have been discerned
in parts of the New Testament that have a Palestinian
setting, but not to a point where scholars are obliged to
conclude that some books, or parts of books, were orig-
inally composed in Aramaic. Moreover, the Septuagint
version exercised on some New Testament writers the
kind of influence that the King James Version has ex-
ercised on many English writers, especially in the provi-
sion of a theological vocabulary in areas such as law,
ethics, atonement, and sacrifice. The study of Old Testa-
ment Hebrew has been enriched by the study of other
Semitic languages—Akkadian and Ugaritic among the
ancient languages, and Arabic, which preserves many
archaic features. Such comparative study has led to the
suggestion of new meanings for a considerable number
of biblical Hebrew words—a tendency that is amply il-
lustrated by the New English Bible—but this department
of philological criticism requires much more carefully
defined guiding lines than have hitherto been laid down.

Literary criticism. Literary criticism endeavours to es-
tablish the literary genres (types or categories) of the var-
ious documents and to reach conclusions about their
structure, date, and authorship. These conclusions are
based as far as possible on internal evidence, but external
evidence is also very helpful, especially where date is
concerned. If the document under consideration is un-
mistakably quoted in another composition, for example,
that quotation forms a terminus ante quem (later limiting
point in time) for dating purposes. If, on the other hand,
the document is clearly dependent on another document
that can be dated on independent grounds, the date of the
earlier document provides a terminus post quem (earlier
limiting point in time).

Proved dependence on such an earlier document may
also throw light on the structure of the work being
studied. But much of the evidence for the history of its
structure is internal. The evaluation of such evidence is
the province of what used to be called the higher criti-
cism, a term first employed with a biblical reference by
the German biblical scholar and orientalist Johann Gott-
fried Eichhorn (1752-1827):

I have been obliged to bestow the greatest amount of labour
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on a hitherto entirely unworked field, the investigation of
the inner constitution of the separate books of the Old
Testament by the aid of the higher criticism (a new name
to no humanist).

Eichhorn paid special attention to the Pentateuch; his
work marks an important step forward in Pentateuchal
criticism. The chronological arrangement of the succes-
sive law codes contained in the Pentateuch, or of the suc-
cessive editions of one fundamental law code, has been
related to the history of Israelite culture and religion re-
corded in the other Old Testament books—histories,
prophecies, and psalms—with the mounting aid supplied
by contemporary non-Israelite documents. The develop-
ment of some Cld Testament books is indicated expressly
in their contents: one can note the composition of the
first and second editions of the Book of Jeremiah in Jer.
36:4, 32; and scholars can reach some conclusions about
later editions by a comparison of the longer edition in
the Masoretic text with the shorter edition in the Septu-
agint (now also attested in a fragmentary Hebrew text
from Qumran). In the absence of such explicit evidence,
conclusions about the structure of other prophetic books,
such as Isaiah and Ezekiel, must be more tentative.

In the New Testament, literary criticism has centred
principally on the Gospels. In the Synoptic Gospels (that
is, those having a common source; i.e., Matthew, Mark,
and Luke) indicators as to source and composition are
provided by the presence of so much material common
to two or to all three of them. The majority opinion for
well over a century has been that Mark served as a
source for Matthew and Luke, and that the two latter
had a further common source, generally labelled Q (for
Quelle, the German term for “source”), comprising
mainly sayings of Jesus. Aspects of the Gospel problem
that literary criticism leaves unsolved are more likely to
be illuminated by other critical approaches. The Fourth
Gospel (John) having much less in common with the
Synoptic Gospels than the latter three have among them-
selves, it presents an independent line of transmission,
and a comparative study of those areas where the Johan-
nine and Synoptic traditions touch each other yields valu-
able conclusions for the beginnings of the gospel story.

Tradition criticism. Tradition criticism takes up where
literary criticism leaves off; it goes behind the written
sources to trace the development of oral tradition, where
there is reason to believe that this preceded the earliest
documentary stages, and attempts to trace the develop-
ment of the tradition, phase by phase, from its primary
life setting to its literary presentation. The development
of the tradition might cover a lengthy period, as in the
Old Testament narratives of the patriarchs—Abraham,
Isaac, and Jacob—and the judges, such as Deborah and
Samuel, many of which were originally attached to par-
ticular sanctuaries. The recognition of the life setting of
each successive phase is necessary to the interpretation
of the material received and delivered by one generation
after another.

In the New Testament, too, special attention has been
paid to the oral stage of the Gospel tradition, though
here the preliterary period is measured in decades, not
(as in the Old Testament) in generations and centuries.
Not only the record of the ministry of Jesus but the de-
velopment of Christian theology in the short preliterary
stage has formed the subject matter of this study.

Form criticism. Form criticism has become one of the
most valuable tools for the reconstruction of the preliter-
ary tradition. This discipline classifies the literary mate-
rial according to the principal “forms”—such as legal,
poetic, and other forms—represented in its contents, and
examines these in order to discover how they were
handed down and what their successive life settings were
until they assumed their present shape and position. In
their various ways laws, narratives, psalms, and proph-
ecies are amenable to this approach. By this means some
scholars have undertaken to recover the ipsissima:verba
(“very own words”) of Jesus by removing the accretions
attached to them in the course of transmission. The exe-
getical task assumes a threefold shape as scholars work
back from (1) interpretation of the present Gospels

through (2) interpretation of the tradition lying behind
them to (3) reconstruction of the proclamation of Jesus.

Scholars are not left completely to speculation as they
attempt to reconstruct the stages by which the Gospel
tradition attained its final form: here and there in the
New Testament letters, and in some of the speeches in-
cluded in Acts (which convey the general sense of what
was said and should not be regarded as the author’s free
creations), there are fragments and outlines of the story
of Jesus and of his teaching. Sometimes the characteristic
terminology of tradition (“I received . . . I delivered”) is
used when such fragments are introduced, a decade or so
before the composition of the earliest Gospel (cf. I Cor.
11:23;15:3).

Other types of exegetical critical techniques. Redac-
tion criticism. Redaction criticism concentrates on the
end product, studying the way in which the final authors

‘or editors used the traditional material that they received

and the special purpose that each had in view in incor-
porating this material into his literary composition. It has
led of late to important conclusions about the respective
outlooks and aims of the four evangelists, Matthew,
Mark, Luke, and John.

Historical criticism. Historical criticism places the
documents in their historical setting and promotes their
interpretation in the light of their contemporary environ-
ment. This is necessary for their understanding, whether
they are historical in character or belong to another liter-
ary genre. If they are historical in character it is impor-
tant to establish how faithfully they reflect their dramatic
date—the date of the events they record (as-distinct from
the date of final composition). This test has been applied
with singularly positive results to Luke-Acts, especially
in relation to Roman law and institutions; and in general
the biblical outline of events from the middle Bronze
Age (c. 21st-c. mid-16th centuries BC) to the 1st century
Ap fits remarkably well into its Near Eastern context as
recovered by archaeological research.

“History of religions” criticism. “History of religions”
criticism, to use an ungainly expression, relates Old and
New Testament religion to the religious situation of the
contemporary world of the writings and tries to explain
biblical religion as far as possible in terms of current re-
ligious attitudes and practices. This is helpful to a point,
insofar as it throws into relief those features of Hebrew
and Christian faith that are distinctive; it is carried to ex-
cess when it attempts to deprive those features of their
unique qualities and to account completely for them in
religious-historical terms. When the cult of Israel was
practically indistinguishable from that of the Canaanites,
the protests of the 8th-century Bc Hebrew prophets Amos
or Hosea stand out over against popular Yahweh wor-
ship (Hebrew) and Baal worship (Canaanite) alike. An-
other attempt has been made by historians of religion to
recreate for the 1st century Ap a pre-Christian Gnostic
myth—referring to an esoteric dualism in which matter
is viewed as evil and spirit good—of the primal or heav-
enly man who comes from the realm of light to liberate
particles of a heavenly essence that are imprisoned on
earth in material bodies and to impart the true knowl-
edge. By men’s acceptance of this secret salvatory knowl-
edge (gnosis), the heavenly essence within man is released
from its thraldom and reascends to its native abode.
Fragments of this myth have been recognized in several
books of the New Testament. But the attempt has not
been successful: according to many recent (latter half of
the 20th century) New Testament scholars and historians
of the early church, it is probable that the concepts of
primal man and redeemer-revealer were not brought to-
gether in Gnosticism except under the influence of the
Christian apostolic teaching, in which Jesus fills the role
of Son of man (or Second Adam) together with that of
Saviour and Revealer.

On the other hand, the Iranian religious influence, pri-
marily that of Zoroastrianism (see also ZOROASTRIANISM
AND PARSIISM), on the angelology and eschatology (con-
cepts of the last times) of Judaism in the last two cen-
turies BC is unmistakable, especially among the Pharisees
(a liberal Jewish sect emphasizing piety) and the Qumran

Biblical
texts in
relation
to their
historical
milieu



Interpreta-
tion of
biblical
inspiration

community (presumably the Essenes) near the Dead Sea.

In the latter, indeed, Zoroastrian dualism finds clear ex-
pression, such as in the concept of a war between the
sons of light and the sons of darkness, although it is sub-
ordinated to the sovereignty of the one God of Israel.

The value of these critical methods of Bible study lies
in their enabling the reader to interpret the writings as
accurately as possible. By their aid he can ascertain bet-
ter what the writers meant by the language they used at
the time they wrote and how their first readers would
have understood their language. If the understanding of
readers today is to have any validity, it must bear a close
relation to what the original readers were intended to un-
derstand.

TYPES OF BIBLICAL HERMENEUTICS

As has been said, the importance of biblical hermeneu-
tics has lain in the Bible’s status as a sacred book in Juda-
ism and Christianity, recording a divine revelation or re-
producing divine oracles. The “oracles” are primarily
prophetic utterances, but often their narrative setting has
also come to acquire oracular status. Quite different her-
meneutical principles, however, have been inferred from
this axiom of biblical inspiration: whereas some have
argued that the interpretation must always be literal, or
as literal as possible (since “God always means what he
says”), others have treated it as self-evident that words of
divine origin must always have some profounder “spiri-
tual” meaning than that which lies on the surface, and
this meaning will yield itself up only to those who apply
the appropriate rules of figurative exegesis. Or again, it
may be insisted that certain parts must be treated liter-
ally and others figuratively; thus some expositors who re-
gard the allegorical (symbolic) interpretation of the Old
Testament histories as the only interpretation that has
any religious value maintain that in the apocalyptic writ-
ings that interpretation which is most literal is most re-
liable.

Literal interpretation. Literal interpretation is often,
but not necessarily, associated with the belief in verbal or
plenary inspiration, according to which not only the bib-
lical message but also the individual words in which that
message was delivered or written down were divinely
chosen. In an extreme form this would imply that God
dictated the message to the speakers or writers word by
word, but most proponents of verbal inspiration repudi-
ate such a view on the reasonable ground that this would
leave no room for the evident individuality of style and
vocabulary found in the various authors. Verbal inspira-
tion received classic expression by the 19th-century En-
glish biblical scholar John William Burgon:

The Bible is none other than the voice of Him that sitteth

upon the Throne! Every Book of it, every Chapter of it,

every Verse of it, every word of it, every syllable of it, (where
are we to stop?) every letter of it, is the direct utterance of

the Most High! (From Inspiration and Interpretation, 1861).

This explains Burgon’s severe judgment that the revisers
of the English New Testament (1881), in excluding
what they believed to be scribal or editorial additions
to the original text, “stand convicted of having deliber-
ately rejected the words of Inspiration in every page”
(The Revision Revised, p. vii, London, 1883). Such a high
view of inspiration has commonly been based on the
statement in II Tim. 3:16 that “all [Old Testament] scrip-
ture is God-breathed” (Greek theopneustos, which means
“inspired by God”) or Paul’s claim in I Cor. 2:13 to im-
part the gospel “in ‘words not taught by human wisdom
but taught by the Spirit, interpreting spiritual truths in
spiritual language.” On this latter passage the English
bishop and biblical scholar Joseph Barber Lightfoot
(1828-89) remarked:
The notion of a verbal inspiration in a certain sense is in-
volved in the very conception of an inspiration at all, be-
cause words are at once the instruments of carrying on and
the means of expressing ideas, so that the words must both
lead and follow the thought. But the passage gives no
countenance to the popular doctrine of verbal inspiration,
whether right or wrong (From Notes on Epistles of St. Paul
from Unpublished Commentaries, 1895).
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The detailed attention that Lightfoot and his Cambridge
University colleagues, Brooke Foss Westcott (1825-
1901), successor of Lightfoot as bishop of Durham, and
Fenton John Anthony Hort (1828-92), paid in their
exegesis to the vocabulary and grammatical construction
of the biblical documents, together with their concern for
the historical context, sprang from no dogmatic attach-
ment to any theory of inspiration but represented the lit-
eral method of interpretation at its best. Such grammati-
co-historical exegesis can be practiced by anyone with the
necessary linguistic tools and accuracy of mind, irrespec-
tive of confessional commitment, and is likely to have
more permanent value than exegesis that reflects passing
fashions of philosophical thought. Biblical theology it-
self is more securely based when it rests upon such exe-
gesis than when it forms a hermeneutical presupposition.

Moral interpretation. Moral interpretation is necessi-
tated by the belief that the Bible is the rule not only of
faith but also of conduct. The Jewish teachers of the late
pre-Christian and early Christian Era, who found “in the
law the embodiment of knowledge and truth” (Rom. 2:
20), were faced with the necessity of adapting the re-
quirements of the Pentateuchal codes to the changed so-
cial conditions of the Hellenistic Age (3rd century Bc-3rd
century AD). This they did by means of a body of oral in-
terpretation, which enabled the conscientious Jew to
know his duty in the manifold circumstances of daily life.
If, for example, he wished to know whether this or that
activity constituted “work” that was forbidden on the
sabbath, the influential school of legal interpretation
headed by the rabbi Hillel (late 1st century BC to early
1st century AD) supplied a list of 39 categories of activity
that fell under the ban.

The Christian Church rejected the Jewish “tradition of
the elders” but for the most part continued to regard the
Ten Commandments as ethically binding and devised
new codes of practice, largely forgetting Paul’s appeal to
the liberty of the Spirit, or viewing it as an invitation to
indulge in allegory. In order to deduce moral lessons
from the Bible, allegorization was resorted to, as when
the Letter of Barnabas (c. Ab 100) interprets the Leviti-
cal food laws prescribed in the book of Leviticus as for-
bidding not the flesh of certain animals but the vices
imaginatively associated with the animals. To set up prin-
ciples of exegesis by which ethical lessons may be drawn
from all parts of the Bible is not easy, since many of the
commandments enjoined upon the Israelites in the Penta-
teuch no longer have any obvious relevance, such as the
ban on boiling a kid in its mother’s milk (Ex. 23:19b,
etc.), or on wearing a mixed woollen and linen garment
(Deut. 22:11); and much of the teaching of Jesus in the
Sermon on the Mount is widely regarded as a counsel of
perfection, impracticable for the average man, even when
he professes the Christian faith. Even summaries of the
biblical ethic, such as the golden rule (Matt. 7:12; cf.
Tob. 4:15) or the twofold law of love to God and love
to one’s neighbour (Deut. 6:5; Lev. 19:18), in which the
Decalogue (Ten Commandments) is comprehended
(Mark 12:29-31; cf. Rom. 13:8-10), involve casuistic in-
terpretation (fitting general principles to particular cases)
when they are applied to the complicated relations of
present-day life. The difficulties of applying biblical
ethics to modern situations do not mean that the task of
application should be abandoned but that it should not
be undertaken as though it provided an easy shortcut to
moral solutions.

Allegorical interpretation. Allegorical interpretation
places on biblical literature a meaning that, with rare ex-
ceptions, it was never intended to convey. Yet at times
this interpretation seemed imperative. If the literal sense,
on which heretics, such as the 2nd-century biblical critic
Marcion, and anti-Christian polemicists, such as the 2nd-
century philosopher Celsus, insisted, was unacceptable,
then allegorization was the only procedure compatible
with a belief in the Bible as a divine oracle. Law, history,
prophecy, poetry, and even Jesus’ parables yielded new
meanings when allegorized. The surface sensuous mean-
ing of the Canticles (the Song of Solomon) was gladly
forgotten when its mutual endearments were understood
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to express the communion between God and the soul, or
between Christ and the church. There are still readers
who can reconcile themselves to the presence of a book
such as Joshua in the canon only if its battles can be un-
derstood as pointing to the warfare of Christians “against
the spiritual hosts of wickedness in the heavenly places”
(Eph. 6:12). As for the Gospel parables, when in the
story of the good Samaritan (Luke 10:30-37) an alle-
gorical meaning is sought for the thieves, the Samaritan’s
beast, the inn, the innkeeper, and the two pence, the re-
sult too often is that the explicit point of the story, “Go
and do likewise,” is blunted.

Closely allied to allegorical interpretation, if not indeed
a species of it, is typological interpretation, in which cer-
tain persons, objects, or events in the Old Testament are

seen to set forth at a deeper level persons, objects, or.

events in the New. In such interpretations, Noah’s ark
(Gen. 6:14-22) is interpreted to typify the church, out-
side which there is no salvation; Isaac carrying the wood
for the sacrifice (Gen. 22:6) typifies Jesus carrying the
cross; Rahab’s scarlet cord in the window (Jos. 2:18-21)
prefigures the blood of Christ; and so on. These are not
merely sermon illustrations but rather aspects of a her-
meneutical theory that maintains that this further signifi-
cance was designed (by God) from the beginning. Traces
of typology appear in the New Testament, as when Paul
in Rom. 5:14 calls Adam a “type” of the coming Christ
(as the head of the old creation involved its members in
the results of his disobedience, so the head of the new
creation shares with its members the fruit of his obedi-

-ence), or when in I Cor. 10:11 he says that the Israelites’

experiences ‘in the wilderness wanderings befell them
“typically,” so as to warn his own converts of the peril of
rebelling against God. The fourth evangelist stresses the
analogy between the sacrificial Passover lamb of the He-
brews and Christ in his death (John 19). The writer of the
Hebrews treats the priest-king of Salem, Melchizedek,
who was involved with Abraham as a type of Christ
(Heb. 7)—without using the word “type”—and the Levit-
ical ritual of the Day of Atonement as a model (though
an imperfect one) of Christ’s sacrificial ministry (Heb. 9).

Other hermeneutical principles. Anagogical interpre-
tation. Anagogical (mystical or spiritual) interpretation
seeks to explain biblical events or matters of this world
so that they relate to the life to come. Jordan is thus in-
terpreted as the river of death; by crossing it one enters
into the heavenly Canaan, the better land, the “rest that
remains for the people of God.” “The Jerusalem that
now is” points to the new Jerusalem that is above. In
Judaism of the closing centuries Bc, the Eden of Genesis,
the earthly paradise, lent its name to the heavenly para-
dise mentioned occasionally in the New Testament (Luke
23:43; 11 Cor. 12:3; Rev. 2:7).

Another form of mystical interpretation is the Mario-
logical (referring to Mary, the mother of Jesus) applica-
tion of scriptures that have another contextual sense.
Thus Mary is the second Eve, whose offspring bruises the
serpent’s head (Gen. 3:15); Mary is the star-crowned
woman of Rev. 12, whose son is caught up to the throne
of God, and in more popular piety the dark-faced Ma-
donna of the monastery at Montserrat, near Barcelona,
Spain, can be identified with the “black but comely”
bride of the Song of Solomon.

Parallelism. Parallelism, the interpretation of Scrip-
ture by means of Scripture, is a corollary of the belief in
the unity of Scripture. But as a hermeneutical principle
it must be employed sparingly, since the unity of Scrip-
ture should be based on comprehensive exegetical study,
rather than itself provide a basis. Where one or two bib-
lical documents (e.g., the letters to the Romans and to
the Galatians) are treated as the norm of biblical doc-
trine, there is a danger that other parts of the volume
(e.g., the Letter to the Hebrews) will be forced to yield
the same sense as the “normative” documents; the dis-
tinctiveness of certain biblical authors will then be
blurred. One naive form of parallelism is the “concor-
dant” method, in which it is axiomatic that a Hebrew or
Greek word will always (or nearly always) have the same
force wherever it occurs in the Bible, no matter who uses

it. There is, again, a harmonistic tradition that smooths
out disparities in the biblical text (e.g., as between the
gospel narratives or the parallel records of Kings and
Chronicles) in a manner that imposes a greater strain on
faith than do the disparities themselves.

One exegetical device of the Jewish rabbis (teachers,
biblical commentators, and religious leaders) was that of
gezera shawa, “‘equal category,” according to which an
obscure passage might be illuminated by reference to an-
other containing the same key term. There are several
examples in Paul’s Old Testament exegesis, one of the
best known being in Gal. 3:10-14, where the mystery of
Christ’s dying the death that incurred the divine curse
{Deui. 21:23) is explained by his bearing vicariously the
curse incurred by the lawbreaker (Deut. 27:26). One may
compare the explanation in Heb. 4:3-9 of God’s “rest”
mentioned in Ps. 95:11 by reference to his resting on the
seventh day after creation’s work (Gen. 2:3)—an expla-
nation dependent on the Septuagint, not the Hebrew.

Analogical interpretation. Analogical interpretation

traditionally includes not only interpretation according
to the analogy of Scripture (parallelism, in other words)
but also interpretation according to the “analogy of
faith”—an expression that misapplies the language of
Rom. 12:6 in the King James Version of 1611. It has at
times been pressed to mean that no biblical interpreta-
tion is valid unless it conforms to the established teach-
ing of a religious community, to the verdict of tradition,
or to the “unanimous consensus of the fathers.” Where
the established teaching is based, in intention, on Scrip-
ture, then an interpretation of Scripture that conflicts
with it naturally calls for further scrutiny, but such con-
flict does not rule out the interpretation beforehand; if
the conflict is confirmed, it is the established teaching
that requires revision.
. Other types. There is an unconscious tendency to con-
form hermeneutical principles to the climate of opinion
in and around the community concerned, and to change
the hermeneutic pattern as the climate of opinion
changes. It is not surprising that in the circles where
Pseudo-Dionysius (early-6th-century writings attributed
to Dionysius, a convert of St. Paul) was revered as a
teacher, Scripture was interpreted in Neoplatonic (ide-
alistic and mystical) categories, and if in the latter half
of the 20th century there is an influential and persuasive
school of existential hermeneutics, this may be as much
due to a widespread contemporary outlook on life as was
the liberal hermeneutic of the preceding generations.

At a far different level contemporary movements con-
tinue to influence biblical interpretation. The interpreta-
tion of prophecy and apocalyptic in terms of events of
the interpreter’s day, which has ancient precedent, is still
avidly pursued. Just as in the 16th century the apocalyp-
tic beast of Revelation was interpreted to be the papacy
or Martin Luther (in accordance with the interpreter’s
viewpoint), so also today in some nonacademic circles
the ten kings denoted by the beast’s horns in Revelation
are identified with the European Economic Community
in its ultimate development, or the threat to “destroy the
tongue of the sea of Egypt” (Isa. 11:15) is believed to be
fulfilled in the condition of the Suez Canal in the years
following 1967. Whatever critical exegetes think of such
aberrations, historians of exegesis will take note of them
and recognize the doctrine of Scripture that underlies
them.

THE DEVELOPMENT OF BIBLICAL EXEGESIS
AND HERMENEUTICS IN JUDAISM

Early stages. The beginnings of biblical exegesis are
found in the Old Testament itself, where earlier docu-
ments are interpreted in later documents, as in the re-
casting of earlier laws in later codes, or the Chronicler’s
reworking of material in Samuel and Kings. In addition,
even before the Babylonian Exile (586 BC) there is evi-
dence of the kind of midrashic exposition (nonliteral in-
terpretations) familiar in the rabbinical period (c. 300
BC—c. AD 500) and after.

In Isa. 40 and following, the restoration of Israel after
the return from exile is portrayed as a new creation: the
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characteristic verbs of the Genesis creation narrative—
“create” (bara), “make” (‘asa) and “form” (yatzar)—are
used of this new act of God (e.g., Isa. 43:7). Even more
clearly are the same events portrayed as a new Exodus:
on their journey back from Babylon, as earlier through
the wilderness, the God of Israel makes a way for his
people; he protects them before and behind; he cham-
pions them “with a mighty hand and an outstretched
arm,” he brings water from the rock for their sustenance
(Isa. 43:2, 16, 19; 48:21; 52:12; Ezek. 20:33).

A pattern of divine action in mercy and judgment is dis-
cernible as one moves from the earlier prophets to the
later prophets and apocalyptists (those concerned with
the intervention of God in history). Yahweh’s “strange
work” in bringing the Assyrians against Israel in the 8th
century BC (Isa. 28:21; 29:14) is repeated a century later
when he raises up the Chaldaeans (Babylonians) to ex-
ecute his judgment (Hab. 1:5 fol.). Ezekiel’s visionary
figure Gog is the invader whose aggression was foretold
in earlier days by Yahweh through his “servants the
prophets” (Ezek. 38:17), and one may recognize in him
a revival not only of Isaiah’s Assyrian (Isa. 10:4 fol.) but
also of Jeremiah’s destroyer from the north (Jer. 1:14
fol.; 4:6 fol.). The same figure reappears in the last “king
of the north” in Dan. 11:40 fol.; he too is diverted from
his path by “tidings from the east and the north” (cf. Isa.
37:7) and “shall come to his end, with none to help him”
(cf. Isa. 31:8).

In some degree these later predictions are interpreta-
tions, or reinterpretations, of the earlier ones, as when
the non-Israelite prophet Balaam’s “ships . . . from Kit-
tim” (Num. 24:24) are interpreted in Dan. 11:30 as the
Roman vessels off Alexandria in 168 Bc that frustrated
the Syrian king Antiochus IV Epiphanes (c. 215-164/163
BC) in his attempt to annex Egypt.

Ezra (c. 400 BC), whose role as the archetypal “scribe”
is magnified by tradition, is said in the canonical litera-
ture to have brought the law of God from Babylonia to
Jerusalem (Ezra 7:14), where it was read aloud to a large
assembly by relays of readers “with interpretation”—and
“they gave the sense, so that the people understood the
reading” (Neh. 8:8). This may be the first recorded use
of an Aramaic Targum-—a paraphrase of the Hebrew
that included interpretation as well as translation.

In the scribal and rabbinic tradition, two forms of ex-
position were early distinguished—peshat, “plain mean-
ing” and derash, “interpretation,” by which religious or
social morals were derived, often artificially, from the
text. There was, however, no sense of conflict between
the two.

The Hellenistic period. The translation of the Hebrew
Bible into Greek by Alexandrian Jews in the 2nd and 3rd
centuries BC provided opportunities for recording inter-
pretations that were probably current in Hellenistic Ju-
daism. Literal translations might be misleading to Greek
readers; metaphors natural in Hebrew were rendered into
less figurative Greek. “Walking with God” or “walking
before God” was rendered as “pleasing God.” Such ren-
derings are scarcely to be called anti-anthropomorphisms
(that is, against depicting God in human terms or forms).
In certain books there are some renderings that might be
so described: in Ex. 24:10, for example, “they saw the
God of Israel” becomes “they saw the place where the
God of Israel stood”; but an examination of the Hebrew
context suggests that this is precisely what was seen.

There was a tendency to universalize certain particular-
ist statements of the Hebrew: in Amos 9:11 fol. the
prophecy that David’s dynasty will repossess the residue
of Edom becomes a promise that the residue of men (the
Gentiles) will seek the true God—a promise that is
quoted in the New Testament as a “testimony” to the
Christian Gentile mission.

The other main contribution to biblical exegesis in Alex-
andria was made by the Jewish philosopher Philo (c. 30/
c. 20 Bc-after Ap 40), whose interpretation of the Penta-
teuch in terms of Platonic idealism and Stoic ethics had
more influence on Christian than on Jewish herme-
neutics.

In Palestinian Judaism the most distinctive exegetical
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work in the Hellenistic period was that of the Qumran
community (c. 130 Bc-Ap 70). The community, believing
itself raised up to prepare for the new age of everlasting
righteousness, interpreted Scripture so as to find there the
divine purpose about on the point of fulfillment, together
with its own duty in the impending crisis. Biblical proph-
ecies in the Qumran commentaries refer to persons and
events of the recent past, the present, or the imminent
future. The time of their fulfillment was concealed from
the prophets; only when this was revealed to the Teacher
of Righteousness, the organizer of the community, could
their intent be grasped. .

Rabbinic exegesis was present in all the varieties of rab-
binic literature but is found especially in the Targumim
and Midrashim (plural of Targum and Midrash). Among
the former, special interest attaches to the early Pales-
tinian Pentateuch Targum; it preserves, for example,
messianic (referring to the expected anointed -deliverer)
exegesis of certain passages to which later rabbis gave a
different interpretation because of the Christians’ appeal
to them. The earlier Midrashim—those whose contents
are not later than Ap 200—expound Exodus, Leviticus,
Numbers, and Deuteronomy and are almost entirely
Halakhic—i.e., recording legal interpretations from
various schools. The later Midrashim are more homiletic
and include a considerable element of Haggada; i.e., il-
lustrative material drawn from all sources (see also TAL-
MUD AND MIDRASH).

Rabbinic exegesis was not haphazard; it observed cer-
tain rules, which were variously formulated in the
schools. The name of the famous interpreter Hillel is
linked with seven middot or norms: (1) inference from
less important to more important and vice versa, (2) in-
ference by analogy, (3) the grouping of related passages
under an interpretative principle that primarily applies to
one of them, (4) similar grouping where the principle
primarily applies to two passages, (5) inference from par-
ticular to general and vice versa, (6) exposition by means
of a similar passage, (7) inference from the context. By
the time of Rabbi Ishmael (c. AD 100) these rules were ex-
panded to 13, and Eliezer ben Yose the Galilaean (c. AD
150) formulated 32 rules, reflecting rational principles of
exegesis, which remained normative into the Middle
Ages.

The medieval period. By the beginning of the Middle
Ages the Masoretes of Babylonia and Palestine (6th—10th
century) had fixed in writing, by points and annotation,
the traditional pronunciation, punctuation, and (to some

- extent) interpretation of the biblical text. The rise of the

Karaites, who rejected rabbinic tradition and appealed to
Scripture alone (8th century onward) stimulated exegeti-
cal study in their own sect and in Judaism generally: in
reaction against them Sa‘adia ben Joseph (882-942), gaon
(head) of the Sura academy in Babylonia, did some of his
most important work. He adopted as one basic principle
that biblical interpretation must not contradict reason.
He translated most of the Bible into Arabic and com-
posed an Arabic commentary on the text.

The French Jewish biblical and talmudic scholar Rashi
(R. Solomon Yishaqi of Troyes, 1040—1105), the most
popular of all Jewish commentators, paid careful heed to
the language and rejected those midrashic traditions that
were inconsistent with the plain meaning of the text.
Abraham ibn Ezra, of Spanish birth (1092/93-1167), in
some respects anticipated the Pentateuchal literary criti-
cism of later centuries. Other important names are Jo-
seph Qimhi of Narbonne and his sons Moses and David,
the last of whom (c. 1160-1235) commented on the
prophets and psalms; his psalms commentary took issue
especially with Christian exegesis.

The great philosopher and codifier Maimonides (Moses
ben Maimon, 1135-1204) composed, among many other
works, his Guide For the Perplexed to help readers who
were bewildered by apparent contradictions between the
biblical text and the findings of reason. Like his younger
contemporary David Qimhi, he classified some biblical
narratives as visionary accounts.

Far removed from the rational exegesis of these schol-
ars was the mystical tradition, or Kabbala, which com-
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bined with an earlier mysticism—involving reflection on
Ezekiel’s inaugural chariot vision—the Neoplatonic doc-
trine of emanations. Adherents of this mystical exegesis
of Scripture found some encouragement in the Penta-
teuch commentary of the Spanish Talmudist, Kabbalist,
and biblical commentator Moses ben Nahman (¢. 1195—
1270). The tracing of mystical significance in the numeri-
cal values of Hebrew letters and words (gematria) made
a distinctive contribution to mystical exegesis. The chief
monument of mystical exegesis is the Zohar (“bright-
ness”), in form a midrashic commentary on the Penta-
teuch, produced in Spain in the 13th century. In the
Zohar the peshat (literal) and derash (nonliteral mean-
ings) types of inierpreiation are accompanied by those
called remez (“allusion™), including typology and allego-
ry, and sod (“secret”), the mystical sense. The initials of
the four were so arranged as to yield the word PaRDeS
(“Paradise”), a designation for the fourfold meaning. The
highest meaning led by knowledge through love to ecsta-
sy and the beatific vision (see also JEWISH MYSTICISM).

The modern period. Following a line marked out ear-
lier by the Spanish philosopher and poet Moses ibn Ezra
(1060-1139), Benedict de Spinoza (1632-77) put forward
a thoroughgoing reappraisal of the traditional account of
the origin of the Pentateuch in his Tractatus Theologico-
Politicus (1679). In the following century the Jewish En-
lightenment (Haskala) brought a fresh appreciation of
the Bible as literature. The pioneer of the Enlightenment,
Moses Mendelssohn (1729-86), prepared a German
translation of the Pentateuch, which he furnished (along
with Solomon Dubno and others) with a commentary; he
also translated the psalms and the Song of Solomon.

The tradition of orthodox Jewish exegesis has been
maintained to the present day. In the 19th century the
Russian rabbi Meir ben Yehiel Michael, “Malbim,”
(1809-79) wrote commentaries on the prophets and the
writings, making a special point of explaining differ-
ences between synonyms. In the 20th century the tradi-
tional values of Judaism were popularly expounded in
Joseph Herman Hertz’s commentary on The Pentateuch
and Haftorahs (1929-36) and in the Soncino Books of the
Bible (1946-51). Martin Buber (1878-1965), the great
modern Jewish philosopher, imparted to his many studies
in biblical literature and religion—including his revolu-
tionary German translation of the Bible (1926 and fol-
lowing), partly executed in association with the religious
philosopher Franz Rosenzweig (1886-1926)—the qual-
ities of his personal genius that was influenced by Hasidic
(18th-century mystical) piety and an existential interpre-
tation of life.

In recent decades the most valuable Jewish exegesis has
been in association with the wider world of biblical
scholarship. Journals such as the Jewish Quarterly Re-
view and the Hebrew Union College Annual welcome
contributions from non-Jewish scholars; in interconfes-
sional projects such as the Anchor Bible, Jewish scholars
cooperate in the Old and New Testament alike.

The whole field of biblical study, including exegesis, is
cultivated most intensively in Israel. Yehezkel Kaufmann
(1890-1963) produced the encyclopaedic History of Is-
raelite Religion from its Beginnings to the End of the Sec-
ond Temple (8 vols., 1937-56) in Hebrew that pursues a
path involving a radical revision of current biblical criti-
cism and interpretation. Mosheh Zevi Hirsh Segal (died
1968) dealt with a wide area of biblical and related litera-
ture, maintaining the essential Mosaic authorship of the
Pentateuch (supplemented by later editors who worked
in Moses’ spirit). The most ambitious enterprise in this
field is the “Bible Project” of the Hebrew University of
Jerusalem, which aims to produce a critical edition of
the Hebrew Bible but also fosters a number of ancillary
studies in biblical text and interpretation, mostly pub-
lished in its annual report Textus, in which non-Jewish as
well as Jewish scholars participate.

THE DEVELOPMENT OF BIBLICAL EXEGESIS
AND HERMENEUTICS IN CHRISTIANITY

Early stages. The earliest Christian exegesis of the Old
Testament is found in the New Testament, not in the

written texts only but in the oral tradition lying behind
them. Some lines of exegesis are present in so many
separate strands of primitive Christian teaching that they
are most reasonably assigned to Jesus, who began his
Galilaean ministry with the announcement that the time
appointed for the fulfillment of prophecy, and the King-
dom of God that was its main theme, had arrived. If the
accomplishment of his ministry involved his death, that
was accepted in the same spirit; he submitted to his cap-
tors with the words: “. . . Let the scriptures be fulfilled”
(Mark 14:49). The church began with the conviction that
Jesus, crucified and risen, was the one of whom the
prophets spoke. He was the prophet like Moses, prince of
the house of David, priest of the order of Melchizedek,
servant of the Lord, Son of man, and exalted Lord. If the
prophets themselves were uncertain about the person or
time indicated by their oracles, the early Christians were
certain: the person was Jesus, the time was now. The
New Testament writers shared a creative and flexible
principle of exegesis that has regard for the literary and
historical context and traces a consistent pattern of di-
vine action in judgment and mercy, reproduced repeated-
ly in the history of Israel and manifested definitively in
Christ. This exegesis is elaborated at times by means of
typology and allegory, as when Paul illustrates the rela-
tionship between law and gospel by the story of Hagar
and Sarah, the concubine and wife of Abraham, respec-
tively (Gal. 4:21-31), or when Israel’s tabernacle in the
wilderness becomes the material counterpart to the heav-
enly sanctuary in which believers of the new age offer
spiritual worship to God (Heb. 8:2 fol.). The writer to
the Hebrews, indeed, occasionally relates the old order
to the new order platonically in terms of the earthly copy
of an eternal archetype.

At an early date Christians developed a line of Old Tes-
tament exegesis designed to show that they, not the Jews,
stand in the true succession of the original people of God.
This line is seen in the Letter of Barnabas, the apologist
Justin’s (c. 100—c. 165) Dialogue with Trypho, and the
3rd-century Against the Jews ascribed to the North Afri-
can bishop Cyprian (c. 200-258). ’

The patristic period. Alexandria had long boasted a
school of classical study that practiced the allegorical in-
terpretation of the Homeric epics and the Greek myths.
This method of exegesis was taken over by Philo and
from him by Christian scholars of Alexandria in the 2nd
and 3rd centuries. Clement of Alexandria (c. 150—c. 215)
and Origen (c. 185—c. 254) did not completely rule out the
literal sense of Scripture—Origen’s Hexapla, a six col-
umn edition of various biblical versions, was a monu-
ment to his painstaking study of the text for its own sake
—but claimed that the most meaningful aspects of divine
revelation could be extracted only by allegorization. Cle-
ment stated that the Fourth Gospel was a “spiritual gos-
pel” because it unfolds the deeper truth concealed in the
matter-of-fact narratives of the other three. Origen
treated literal statements of Scripture as “earthen vessels”
preserving divine treasure; their literal sense is the body
as compared with the moral sense (the soul) and the spir-
itual sense (the spirit). The true exegete, he claimed, pur-
sues the threefold sense and recognizes the spiritual (al-
legorical) as the highest.

Later, the Antiochene fathers, represented especially by
Theodore of Mopsuestia (c. 350-428/429) and John
Chrysostom (c. 347—407), patriarch of Constantinople,
developed an exegesis that took more account of literal
meaning and historical context. But the allegorizers
could claim that their method yielded lessons that (while
arbitrary) were more relevant and interesting to ordinary
Christians.

In the West, the Alexandrian methods were adopted by
Ambrose (c. 339-397), bishop of Milan, and Augustine
(354-430), bishop of Hippo, especially as formulated in

the seven “rules” of Tyconius (c. 380), a Donatist ‘

heretic (one who denied the efficacy of sacraments ad-
ministered by an allegedly unworthy priest), which clas-
sified “allegorical interpretation in relation to: (1) the
Lord and his church, (2) true and false believers, (3)
promise and law, (4) genus and species, (5) numerical sig-
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nificance, (6) “recapitulation,” and (7) the devil and his
followers. There were other Latin exegetes, like Am-
brosiaster (commentaries ascribed to Ambrose) and, su-
premely, Jerome (c. 347-419/420), the learned Latin
Father, who paid close attention to the grammatical
sense. In the Old Testament Jerome appealed from the
Greek version to the “Hebraic verity” and in such a work
as his commentary on Daniel provided some fine exam-
ples of historical exegesis. Augustine, though not pri-
marily an exegete, composed both literal and allegorical
commentaries and expository homilies on many parts of
Scripture, and his grasp of divine love as the essential
element in revelation supplied a unifying hermeneutical
principle that compensates for technical deficiencies.

The medieval period. As the patristic age gave way to
the scholastic age, the English monk Bede of Jarrow
(died 735) wrote commentaries designed to perpetuate
patristic exegesis, mainly allegorical: thus Elkanah with
his two wives (1 Sam. 1:2) is interpreted as referring to
Christ with the synagogue and the church.

In the early Middle Ages the fourfold sense of Scripture
—developed from Origen’s threefold sense by subdivid-
ing the spiritual sense into the allegorical (setting forth
the doctrine) and the anagogical (relating to the coming
world)—was increasingly expounded and received its fi-
nal authority from Thomas Aquinas (1225/26-74). For
Thomas, the literal sense, expressing the author’s inten-
tion, was a fit object of scientific study; the figurative
senses unfolded the divine intention.

Medieval exegesis was greatly influenced by the Glossa
Ordinaria, a digest of the views of the leading fathers and
early medieval doctors (teachers) on biblical interpreta-
tion. This compilation owed much in its initial stages to
Anselm of Laon (died 1117); it had reached its definitive
form by the middle of the 12th century and provided the
exegetical norm of the Summa theologiae (‘‘Summation
of Theology”) of Thomas Aquinas and others.

For all the interest in allegory, literal interpretation was
cultivated in many centres in the West, often with the
aid of Hebrew, knowledge of which was obtainable from
Jewish rabbis. One such centre was the Abbey of Saint-
Victor at Paris, where Hugh (died 1141) compiled bibli-
cal commentaries that fill three volumes of J.-P. Migne’s
(1800-75) Patrologiae Cursus Completus (Series Latina)
and indicate the commentator’s dependence on Rashi as
well as on his Christian predecessors. Of Hugh’s disci-
ples, Andrew, abbot of Wigmore (died 1175), carried on
his master’s tradition of literal scholarship, and Richard,
the Scottish-born prior of Saint-Victor (died 1173) pur-
sued a line more congenial to his mystical temperament.
Herbert of Bosham (c. 1180) produced a commentary on
Jerome’s Hebrew Psalter. Robert Grosseteste, bishop of
Lincoln (died 1253), wrote commentaries on the days of
creation and the Psalter that both drew on the Greek
fathers and profited by his direct study of the Hebrew
text. Nicholas of Lyra (c. 1265-c. 1349), the greatest
Christian Hebraist and expositor of the later Middle
Ages, compiled postillae, or commentaries, both literal
and figurative, on the whole Bible; he insisted that only
the literal sense could establish proof. Luther ranked
him among the best exegees: “a fine soul, a good Hebraist
and a true Christian.”

The Reformation period. The English theologian John
Colet (c. 1466—1519) broke with medieval scholasticism
when he returned from the Continent to Oxford in 1496
and lectured on the Pauline letters, expounding the text
in terms of its plain meaning as seen in its historical con-
text. The humanist Erasmus (c. 1466-1536) owed to him
much of his insight into biblical exegesis. By the succes-
sive printed editions of his Greek New Testament (1516
and following), Erasmus made his principal, but not his
only, contribution to biblical studies.

Martin Luther (1483-1546) was a voluminous expositor,
insisting on the primacy of the literal sense and dismiss-
ing allegory as so much rubbish—although he indulged
in it himself on occasion. The core of Scripture was to
him its proclamation of Christ as the one in whom alone
lay man’s justification before God. John Calvin (1509-
64), a more systematic expositor, served his apprentice-
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ship by writing a youthful commentary on the Roman
statesman and philosopher Seneca the Younger’s (c. 4
BC—AD 65) De clementia (“Concerning Mercy”); system-
atic theologian though he was, he did not allow his theo-
logical system to distort the plain meaning of Scripture,
and his philological-historical interpretation is consulted
with profit even today.

Scientific exegesis was pursued on the Catholic side by
scholars such as F. de Ribera (1591) and L. Alcasar
(1614) who showed the way to a more satisfactory under-
standing of the Revelation. On the Reformed side, the
Annotationes in Libros Evangeliorum (1641-50) by the
jurist Hugo Grotius (1583—-1645) were so objective that
some criticized them for rationalism. .

The modern period. .- The modern period is marked by
advances in textual criticism and in the study of biblical
languages and history, all of which contribute to the in-
terpretation of the Bible. The German theologian J.A.
Bengel’s (1687-1752) edition of the Greek text of the
New Testament with critical apparatus (1734), in which
he framed the canon that “the more difficult reading is to
be preferred,” was followed by his exegetical Gnomon
Novi Testamenti (“Introduction to the New Testament,”
1742): “apply thyself wholly to the text,” he directed;
“apply the text wholly to thyself.” The English bishop
Robert Lowth’s (1710-87) Oxford lectures on The Sacred
Poetry of the Hebrews, published in Latin in 1753, great-
ly promoted the understanding of the poetry of the Old
Testament by expounding the laws of its parallelistic
structure. ' The German philologist Karl Lachmann
(1793-1851) applied his expertise in classical criticism to
editing the text of the New Testament; to him also be-
longs the credit of arguing that Mark was the earliest of
the Gospels and a main source of Matthew and Luke
(1835). The problem of the source analysis of the Penta-
teuch was given what for long appeared to be its final
solution by Julius Wellhausen (1844—-1918), who related
the successive law codes to the development of the Isra-
elite cultus. For the period preceding the 9th century Bc,
however, he operated in a historical vacuum that Near
Eastern archaeology was in his day only beginning to
fill; its subsequent findings have dictated radical modifi-
cations in his reconstruction of Israel’s religious history.
In the middle half of the 19th century, New Testament
exegesis was overshadowed by the school of Ferdinand
Christian Baur (1792-1860), which envisaged a sharply
opposed Petrine (Peter) and Pauline (Paul) antithesis in
the primitive church, followed in the 2nd century by a
synthesis that is reflected in most of the New Testament
writings. In France, Ernest Renan’s (1823-92) works on
early Christianity were helpful philological and historical
studies; the most popular volume, his Vie de Jésus
(1863), was the least valuable. In England, where the
poet and educator Matthew Arnold (1822-88) endeav-
oured to find an impregnable moral foundation for bib-
lical authority,” New Testament exegesis received con-
tributions of unsurpassed worth between 1865 and the
end of the century from J.B. Lightfoot, B.F. Westcott,
and F.J.A. Hort.

At the beginning of the 20th century a new direction
was given to Gospel interpretation by the German schol-
ar William Wrede (Das Messiasgeheimnis in den Evan-
gelien, 1901) and the medical missionary theologian Al-
bert Schweitzer (The Quest of the Historical Jesus, Eng.
trans., 1910), who so emphasized the eschatological ori-
entation of Jesus’ mind and message that New Testament
scholarship can never be the same again. The writings
of the biblical scholar C.H. Dodd (The Parables of the
Kingdom, 1935; The Apostolic Preaching and its De-
velopments, 1936) stressed realized eschatology—that
the standards of the last times were realized by Jesus
and his disciples—in the preaching of Jesus and of the
primitive church; he has been a leading pioneer of the
“biblical theology” movement. Karl Barth’s (1886-1968)
commentary on Romans (1919) launched an existential
interpretation of the New Testament, which has been
pursued more radically by Rudolf Bultmann (1884—

), under the influence of Wilhelm Dilthey (1833-
1911), according to whom the interpreter must project
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himself into the author’s experience so as to relive it, and
of Martin Heidegger (1889— ), whose conception of
the truly authentic man as capable of freedom because he
has faced reality provides the “pre-understanding” for
Bultmann’s existential theology. Bultmann’s disciple
Ernst Fuchs (1903- ) considers the hermeneutical
task to be the creation of a “language event” in which
the authentic language of Scripture encounters one now,
challenging decision, awakening faith, and accomplishing
salvation. The chief rival to existential exegesis is the
“salvation-history” hermeneutic espoused by Oscar Cull-
mann (1902—- ).

Rudolf Bultmann and Martin Dibelius (1883-1947) pio-
neered the modern form-critical study of the Gospels.
The form-critical method was fruitfully applied to the
Old Testament by Hermann Gunkel (1862-1932) and
Sigmund Mowinckel (1884-1965). Among Catholic
scholars, exegetical studies are vigorously promoted by
Jean Daniélou (with his researches into early Jewish
Christianity), the Dominicans of the Ecole Biblique et
Archéologique (The School of the Bible and Archeology)
in Jerusalem (to whom one must credit the Jerusalem
Bible), and the Jesuits of the Pontifical Biblical Institute
and others.

CONCLUSION

The encouragement given by the second Vatican Council
(1962-65) of the Roman Catholic Church to biblical
scholarship, to be cultivated in association with “sep-
arated brethren” and with consideration for the require-
ments of non-Christians, is one symptom of a new day
in biblical exegesis, when this study is no longer pursued
to vindicate sectional traditions but rather as a coopera-
tive enterprise aiming at making widely available the
permanent value of the Bible.
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Exercise and Physical Conditioning

Exercise, within the context of this article, is the physical
training of the body in order to improve its function. Ac-
tive exercise is physical exertion as a voluntary effort;

passive exercise is exercise involving a machine or the
hands of another person. Physical conditioning is the en-
hancement of physical fitness through the proper em-
ployment of exercise.

After a consideration of other relevant terms, this ar-
ticle will discuss the contemporary need for exercise to
compensate for sedentary or for physically specialized
ways of living; the effect on the body of physical inac-
tivity, and of physical inactivity coupled with a plentiful
supply of food; the effect on obesity of exercise alone,
and of exercise combined with a suitable diet; the phys-
iological response to exercise of various degrees of in-
tensity; the effects of physical conditioning; the develop-
ment of physical behavioral patterns; and the types of
exercise suited to specific needs.

GENERAL CONSIDERATIONS

Fatigue and exhaustion. Fatigue, defined with respect
to the effect of exercise, is the diminution in subsequent
performance following physical activity. Fatigue may be
psychological (see FATIGUE) and be due to boredom, or
ennui, or it may be physiological, and be due to exhaus-
tion of the substances required for muscular contractions
or to the accumulation of toxins that depress nervous sys-
tem activity. Exhaustion is the extreme state of fatigue in
which no further units of the physical activity can be
performed—*“I cannot climb another step.”

Types of physical fitness. General physical fitness is
the capacity of the body to perform work, to resist dis-
ease and infection, and to resist the physical stresses im-
posed by such things as heat, cold, atmospheric pressure
changes at altitude or under water, and accelerative
forces of jolts and vibrations. General physical fitness is,
thus, the capability of the individual to dominate his usu-
al environment, and the degree of fitness that one re-
quires is related to the degree of stress that he must be
able to overcome. The Samoan who lives peacefully in a
warm climate with abundant food at arm’s reach survives
well with a low degree of general fitness. If the Samoan
were to be transported suddenly to the frozen north, he
would be unfit for the rigours of trapping. To become fit
as a northern trapper, the Samoan would need to acquire
specific physical fitness; that is, the special body struc-
tures and functions required to perform under the new
set of unusually demanding conditions. Specific physical
fitness, then, is a readiness of each system of the body to
meet special demands. If unusually heavy loads must be
moved, strength fitness must be acquired. Muscles must
be strengthened and nerve-muscle coordination im-
proved. If work is continuous, endurance fitness is
needed. Short efforts of maximum intensity lasting less
than ten seconds require anaerobic fitness, the ability of
the body to work without oxygen. Exhaustive efforts of
longer duration require aerobic fitness, the ability to
consume oxygen efficiently. The ability to make sudden
changes in posture requires orthostatic fitness. Ortho-
static fitness is dependent on how well the blood circula-
tion can adjust to a quick change of posture such as
standing up after lying down.

Rapidity of movement, accuracy, and agility require
speed fitness, an attribute of the brain and the sensory
and motor nervous systems. Limiting rapidity of move-
ment is relaxation fitness, the ability to elongate muscles
quickly. Relaxation fitness includes ability voluntarily to
reduce excess tension in the nerve-muscle system.

Types of physical conditioning. Physical conditioning
commences the moment that physical effort exceeds the
effort required by ordinary daily activity. The degree of
physical conditioning that has occurred thereby is man-
ifested by the improvement in performance that follows
after recovery from the fatigue of the effort. Frequent
and regular practice bouts of a new kind of activity in-
duce lasting changes in body structure and function that
help to make it fit for that activity. This adaptation to the
new activity is termed general physical conditioning.
After a few weeks, no further improvement occurs, and,
in fact, a deterioration in fitness may be expected if the
intensity of the activity is not continually increased. Con-
tinued improvement in fitness is achieved by specific
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physical conditioning, which consists of progressive over-
loads of the activity or its components to stimulate im-
provement in the structure and function of those body
systems that support the new activity. This specific phys-
ical conditioning is accomplished by strength training,
involving the daily lifting of progressively heavier
weights; endurance training, both anaerobic (sprints) and
aerobic (prolonged efforts); speed training (short bursts
of activity at maximal rapidity); and relaxation training
(letting go after deliberate overtensing of muscles) if
these are components of fitness for the activity.

Health and fitness, and fitness and skill. In a discus-
sion of the effects of exercise and physical conditioning,
it is necessary to differentiate between health and fitness,
and between fitness and skill. Health, in its narrowest
definition, is the absence of disease; more broadly, it is
the capacity of all body organs and systems for high-
level function. Fitness relates to performance and sur-
vival. Usually, but not always, good fitness requires good
health. Many exceptions are seen in sports competition.
Sick athletes often win contests and sometimes break
world records. Olympic contestants suffering from infec-
tions, dysentery, influenza, fever, and broken bones often
turn in superior performances. Conversely, very healthy
people who are not conditioned are unfit for strenuous
occupations.

Again, skilled performance usually implies good fitness
—and good health—but there are too many exceptions
to make the generalization acceptable. The superbly
skilled basketball player who has less strength and en-
durance than his opponents can sometimes handily out-
score them. The drama of the sick, wounded, and nearly
exhausted star football player who re-enters the game
during the dying minutes and scores the winning points
is played out regularly. This is not to say that the highly
skilled player would not do better if he were more
healthy and more fit; it is only to indicate that skill is a
separate attribute.

THE MODERN NEED FOR EXERCISE

It is easy to accept the fact that physical conditioning is
necessary to achieve and maintain high levels of physical
performance. The need for physical fitness among com-
petitive athletes is clear. There is no question that ex-
plorers, soldiers, and firemen need to exercise regularly
to be physically prepared for emergencies. Why a sed-
entary person in industrialized society needs exercise may
not be so clear. What does physical fitness mean to the
man or woman who needs only to push a button?

One who chooses ease and comfort and enjoys the soft
life would be content to leave exercise to the athlete
whom he watches on television or the fireman whom he
can call in case of need. To some extent he can sit back,
but if his exercise intensity falls below a certain level he
will begin to suffer.

Each individual probably has a minimum level of phys-
ical activity below which serious deterioration occurs.
The human body, like any living organism, must be used
or it will lose its structure and function. The loss of struc-
ture and function that occurs when a broken arm is im-
mobilized in a plaster cast clearly demonstrates the at-
rophy of disuse.

Fortunately for the person who is not predisposed to
exert himself if he does not have to, only a small amount
of exercise is necessary to preserve low-level, but normal,
structure and function. This significant observation was
made during studies to determine how much exercise
man in space might need to counteract the state of
weightlessness.

Bodily effect of physical inactivity. It appears that man
in affluent cultures has progressed so rapidly from a hard,
primitive life to a soft, modern one that he has retained
the same energy mechanisms that enabled him to con-
sume vast quantities of food and burn it all up in a day
of vigorous physical activity. He has retained his poten-
tial capacity for hard physical work. All he needs to re-
store the potential capacity to actual capacity after long
periods of physical idleness is a month or two of daily
physical training. When his near-maximum physical ca-
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pability is achieved, he can maintain it by exercising hard
on alternate days. After he stops training, his physical
capabilities drop to the pretraining level in a month or
two. Thus, fitness for hard physical work can be seen to
be a temporary condition. It can be gained and lost at
will.

Coupled with a changing capability for work with in-
creasing and decreasing exercise are changing utilization
of energy and an accompanying change in requirement
for food. The problem is that, as physical activity is de-
creased, there is no concomitant decrease in appetite. In
fact, the opposite occurs; physical inactivity leads to in-
creased food intake. Cattle raisers know this and pen
their stock. The result of the inactivity and increased ap-
petite can be predicted; a rapid gain in body fat and a
softening of muscle tissue.

Although it seems an enviable situation when millions of
people are supplied with an overabundance of food and
at the same time have no hard physical work to do, for
the majority the situation is disastrous because overfeed-
ing and underexercise lead to death-dealing obesity and
degenerative diseases of the heart and blood vessels.

Effect of exercise on obesity. Exercise requires energy,
and energy is derived from foodstuffs stored in the body
as fats, proteins, and carbohydrates. The nutritional unit
of energy is the calorie, defined as the amount of heat
required to raise the temperature of one kilogram of wa-
ter 1° C. Exercise draws on the food reserves of the body
for its energy requirements. If foodstuffs are not re-
placed in equal amount (i.e., if one calorie is not sup-
plied for every calorie consumed), the body becomes
thinner. Fats, especially, are reduced, as these represent
long-term stores of energy provided for just this kind of
prolonged food shortage.

At the outset of physical training after a long period of
idleness, the body becomes thinner and harder, but, be-
cause of increased muscle mass, there may be no loss of
body weight. Muscle tissue is heavier than fat tissue, and
muscles are enlarged when they are used repeatedly un-
der moderately heavy loads.

After a few months of training, muscle enlargement ta-
pers off, and the balance between food intake and energy
output of physical activity is accurately revealed by
changes in body weight. If food intake exceeds energy
output, fat is stored and weight increases. A slight deficit
in food intake results in fat and weight loss. It may seem
easier to combat obesity by slight starvation rather than
by forced exercise because of the large amount of exer-
cise needed to consume an ounce of fat—about one mile
of walking, jogging, or running (the speed makes little
difference in the energy cost of traversing a mile in dis-
tance); weight control by diet alone, however, requires
such severe restriction of food intake that it is difficult to
obtain the required nutrients—proteins, vitamins, and
minerals—and the sparse intake does not satisfy hunger.
This is why reducing diets often fail.

With added exercise, one does not need to reduce food
intake in order to lose fat, lose weight, and become
thinner. Moreover, since exercise, especially before meal-
time, lessens the appetite, it is easier to attain a lean body
by a combination of increased physical activity and diet
restriction.

Physiological responses to exercise. As was men-
tioned above, the cost of completing a mile, whether
walking, jogging, or running, is about the same as far as
energy is concerned. This says nothing, however, about
the severity of exercise; the stress effect of exercise on the
heart, lungs, and other structures of the body.

Light exercise. Walking is light exercise. It can be
continued for hours. As is indicated in Table 1, the heart
rate seldom exceeds 110 beats per minute and the rate of
breathing is usually less than 17 per minute. The chem-
ical changes brought about by muscular contractions pro-
ceed apace, and the blood constituents are undisturbed.
Other light physical activities include bowling, archery,
baseball, woodworking, auto repair, and housekeeping.
Other exercise equivalents are shown in Table 2.

Moderate exercise. Jogging—easy running on level
surfaces—is moderate exercise. A few minutes of con-
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Table 1: Physiological Responses to Exercise*
intensity of heart rate blood pressure respiration ventilation oxygen energy
exercise beat /min) (mm Hg) (breaths/min) volume consumption input
— (litres/min)  (litres/min) (calories/hr)
systolic  diastolic
Maximum 200 200 85 50 120 5.0 1,440
Very heavy 150 180 80 30 70 3.5 1,008
Heavy 140 170 79 25 60 3.0 864
Fairly heavy 130 160 78 20 50 2.5 720
Moderate 120 150 77 18 40 2.0 576
Light 110 140 6 16 30 i.5 . 432
Very light 100 130 75 14 20 1.0 288
Resting 70 120 72 10 10 0.33 100
*These data are typical of college men and are variable according to age, body composition, physical
condition, and environment.

Table 2: Exercise Equivalents to Other Activities*
intensity of equivalents
exercise
work walk, jog, climbing cycling sports occupations
output run grades (miles/hr)
(calories /hr) (miles/hr) (%)
Maximum 300 13.0 12 20 running digging
Very heavy 200 6.0 6 14 mountain- chopping wood
eering
Heavy 170 5.5 5 12 tennis pick and shovel
Fairly heavy 140 5.0 4 10 volleyball gardening
Moderate 110 4.5 3 9 golf house painting
Light 80 4.0 2 8 table housekeeping
tennis
Very light 50 3.5 Level 7 bowling shopping
*These values are representative only and subject to the variables mentioned in Table 1.

tinuous jogging is tiring unless the performer is well con-
ditioned. During moderate exercise the heart rate is
around 120 beats per minute and breathing rate is about
18 per minute. Blood changes are slight or nonexistent.
Equivalent activities include golf (carrying clubs and
walking 18 holes), basketball, football, downhill skiing,
skating, and canoeing. (Some of these, such as basketball
and football, include bursts of strenuous exercise.)

Strenuous exercise. Running at near-maximum speeds
is strenuous exercise. It can be endured only for a few
seconds. Heart rate exceeds 130 per minute; respirations
are faster than 20 per minute. The chemical residues of
muscle activity accumulate as acids in the blood. Within
five minutes the nonathlete is exhausted. Similar strenu-
ous activities are wrestling, fast rowing, speed swimming,
sprint skating, gymnastics, and shovelling snow fast.

Static exercise. Gymnastics, weight lifting, and other
strenuous activities involving static endurance (i.e., hold-
ing a stressful position, as when one links the fingers of
the two hands and pulls outward) are in a separate cate-
gory, since their fatigue is confined to the involved mus-
culature. Nevertheless, when such static exercise is con-
tinued beyond one minute, the heart, lungs, and chemical
processes are severely stressed.

Effects of physical conditioning. Muscular develop-
ment. A bout of exercise leaves on almost every organ
and system of the body an imprint that persists for sev-
eral days. This is manifested by improvements shown in
subsequent performances and by increased efficiency—
need for less effort to produce the same work. The body
quickly becomes “conditioned” to new physical work,
mainly by improved skill, and by fewer wasted motions
and less tenseness during the effort. There are other ef-
fects more important to general fitness.

The most obvious change in the body due to physical
training is an increase in the strength, size, and hardness
of the muscles used in exercise. Increase in muscular
strength is derived in part from the increase in muscle
mass—a bigger engine—but in greater part from the bet-
ter organization of nerve impulses that reach the work-
ing muscles at a faster rate and draw them into a stronger
contraction. There are nervous systems that inhibit the
degree of contraction, probably as safety mechanisms.
With training, inhibitions are lessened, allowing the mus-

cles to contract more nearly to their capacity. Weak mus-
cles can be doubled in strength in two months or less by
near-maximal loading every other day. It is not the num-
ber of times muscles are contracted but the degree of
tension under which they are placed that dictates the
strengthening effect of training. One strong contraction
has far more effect toward development of strength than
a thousand weak ones.

Increase in muscle size is, for some unknown reason,
due to moderately heavy contractions repeated 15 to 20
times in a pumping motion. Single repetitions of near-
maximal effort will increase the strength, but not the
size of muscle. This fact is important to persons whose
activities require speed and agility and to whom bulky,
heavy muscle would be a disadvantage.

In situations in which mass is desired, as in shot putting
or for the person who desires bulging muscles for vanity,
the pumping form of weight training is effective.

Increased hardness of muscle is due to the greater degree
of contraction that can be achieved by bringing more
muscle fibres into-action. In the relaxed state, the trained
muscle is firm but supple, possibly because of its in-
creased ratio of muscle fibres to fat.

Effects on circulatory and respiratory systems. The re-
sponse of heart muscle to exercise training is similar to
that of skeletal muscle. After such training the heart can
contract more strongly and in a better coordinated way
so as to wring out more blood with each contraction.
In endurance training, the heart musculature becomes
larger, adding to the potential power of each stroke. The
heart rate becomes slower at rest; intensive endurance
training can slow the resting rate ten beats per minute.

The heart muscles’ private blood supply, the coronary
circulation, increases as the result of exercise training.
This increase in coronary vessels increases the endurance
of the heart and may aid in surviving a heart attack.

In exercise training, new blood vessels appear in all ac-
tive tissue, aiding in the delivery of supplies and the re-
moval of waste. There is practically no increase in the
volume of blood to fill these new vessels, but an im-
proved control of pressures provides for a better diver-
sion of blood to active muscles and away from tissues
such as the kidneys, which tend to shut down during
heavy exercise. Marathon runners who empty their blad-
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ders before the race have no need to urinate during the
two and one-half hour run.

The lungs are little affected by exercise since their ca-
pacity to ventilate air is not taxed even during maximum
effort. The muscles of breathing, the diaphragm and the
rib musculature, however, are worked hard during stren-
uous exercise, and their fatigue can limit work.

The familiar “stitch-in-the-side” during continuous ex-
ercise is probably due to muscle cramp in a portion of
the diaphragm. A phenomenon known as “second wind”
appears when the respiratory system and other systems
of the body adjust to the intensity of the effort.

Effects on the nervous system. It is the nervous sys-
tem that is most affected by exercise training. In those
untrained in exercise mere anticipation of exercise trig-
gers an overwhelming response. As one becomes ac-
customed to exercise, however, the body seems to have
the ability to size up the exact amount of effort the ex-
ercise would require and then to adjust all systems of the
body to a proper setting to accommodate it.

The nervous control of body systems from the percep-
tion of the task to the setting of the levels of response
improves in accuracy with training. The improvement is
due to a shift from volitional control, with all the imag-
inative inputs, to more of an involuntary control by con-
ditioned reflexes. Overactive mental processes in the vol-
untary control of movement cause “paralysis by analy-
sis.” It is not until a task can be performed almost un-
consciously that it can be accomplished with the greatest
skill. This accounts for the apparent ease and casualness
with which champions achieve record performances.

Learning a new skill is accomplished most quickly and
perfection is achieved most rapidly if the skill is practiced
in the manner that most closely approximates the final
performance. “Walking through” a movement is a good
way to be introduced to a new skill, such as a dance step.
As soon as possible, the tempo should be advanced to
the proper rate. Every element—tempo, stride, force—
should match in practice that of the hoped-for perfor-
mance. This is because training is specific to the point
that slow running does not improve sprinting; badminton
play does not enhance tennis ability. Each pattern of
movement has its own characteristic postures, interplays
between opposing muscles, and sequences in which mo-
tion is started, stopped, speeded, and slowed. Through
training these patterns are imprinted in the nervous sys-
tem and are “replayed” automatically on signal, as when
the music begins or the starting pistol is fired.

DEVELOPMENT OF MOVEMENT BEHAVIOUR

The baby. Habits of exercise probably start before
birth. Later, this inherent behaviour is modified by the
environment as the baby is encouraged either to move or
to be still. The size of the baby’s bed and playpen, and
the kinetic nature of his toys influence his use of space.

The child. The child’s movement behaviour is further
modified by either rough-and-tumble or hands-off atti-
tudes of parents and playmates. Constraint of physical
activity may create emotional problems such as anxiety
and fear of exploration.

Characteristic styles of movement. In preschool years
the child develops characteristic styles of movement that
tend to persist—characteristic ways of running, jumping,
and climbing, for example.

When the child tries on a pair of roller skates for the
first time, he does not learn the motions from scratch.
He builds the new skills upon his old ones, starting with
walking motions and converting them into gliding ones.
Sometimes old habits of movement interfere with the ac-
quisition of a skill and must be inhibited. The old habits
may be modified, but they are never entirely broken.
Early success in a new skill is achieved by permitting old
habits of movement to be employed in the new pattern.

In teaching a new skill, such as striking a ball, one does
not start with a model of a perfect stroke and expect
every pupil to conform exactly to that model. Instead,
the starting point is with each pupil’s own way of strok-
ing; one then gradually improves his technique.

Eye movement and hand movement patterns developed
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in active play are utilized when the child begins to read
and write. A sense of direction, for example, comes from
thinking about pushing a toy car from left to right along
a “road.” Stacking blocks and hammering pegs orient the
child’s cognitive and muscles sense to up and down, and
top and bottom—all important in forming letters. Some
reading and writing difficulties are corrected by con-
structive play in which such pattern clues are used.

A school program of physical education usually com-
mences in the early grades with activities included to de-
velop social behaviour, the ability to identify one’s self as
a functional member of a group, to discover one’s own
strengths and weaknesses, and to adjust behaviour ac-
cordingly. The child explores the whole spectrum of
movement and learns what it means to lie perfectly still,
to huddle, to stretch, to tense, to relax and let go, and to
leap.

The youth. The youth in school is introduced to com-
petitive sport and to the testing of his physical fitness. He
learns the rules and the techniques of many sports and
experiences the culture of each. He selects a team or a
club and joins in its etiquette and its spirit.

The adult. After school years the adult is usually left
to his own devices for exercise. The interests that he has
developed in school may persist, and this is fortunate if
the interests are sports such as golf or tennis, for places
to play and partners are easily found.

It is the player of varsity basketball, football, or other
team sports who has difficulty when he graduates. Non-
strenuous team sports such as cricket can be played by
older adults, but the more strenuous team sports are po-
tentially dangerous for men in middle age.

Most people who remain active in sports throughout life
reach an age when a less demanding type of sport is sub-
stituted for their previous activity. The handballer, for
example, turns to bowling or golf as his vision declines
and his reflexes slow.

EXERCISE NEEDS

Heart health regimen. Modern sedentary man past 30
begins to think of fitness for his survival as he sees his
companions in their 40s die of heart attacks. This usually
calls for exercise of a different nature from sport, unless
he is a runner, an oarsman, a swimmer, or a cyclist and
is continuing that activity.

It is estimated that maintenance of a physically active
status decreases the chance of coronary heart disease by
about a third. Exercise also aids in eliminating other
conditions such as obesity and high blood pressure that
are among the causes of heart disease.

In order to confer these benefits, exercise should require
the expenditure of at least 300 Calories per day and
should increase the heart rate above 120 beats per minute
for at least three continuous minutes. Such exercise bene-
fits metabolic and cardiovascular functions.

Exercises that require the expenditure of 300 Calories
include walking, jogging, or running four miles; playing
18 holes of golf (walking); or an hour of bowling, canoe-
ing, or ballroom dancing. The four miles need not be
walked all at once; some busy housewives walk a total of
six miles in an ordinary day.

None of the Calorie-burning activities mentioned except
jogging, running, and possibly canoeing is vigorous
enough to elevate the heart rate above 120 beats per
minute. Hence the preventive program must include ei-
ther these or other heart stimulators such as stair climb-
ing—at least three floors, or 50 steps. To be sure the
heart rate exceeds 120 beats per minute, the pulse can be
counted. A six-second counting technique is easy; by
simply adding a zero to the six-second total, the pulse for
60 seconds is obtained. Example: 12 beats in six seconds
is a 120 heart rate.

The man who has been idle for years does not benefit
from a “crash” attempt to make up for lost years of exer-
cise by an exhaustive regimen. This can do more harm
than good. After a long layoff, before exercise is under-
taken a medical examination that includes an evaluation
of response to exercise is prudent. According to special-
ists in sports medicine, it is more important for a person
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to seek medical advice before deciding to become inac-
tive; the risks to health are greater than deciding to step
up the level of exercise.

Unless exercise is contraindicated, a reconditioning reg-
imen that commences at an easy level (walking) for brief
periods (five minutes) will produce cardiovascular, neuro-
muscular, and metabolic benefits at any age and for per-
sons in the poorest starting physical condition. In severe-
ly deconditioned individuals, the exercise heart rate dur-
ing the first month of training should not exceed 100 per
minute. During the month, the duration of daily exercise
can be extended from five to ten minutes.

The second month, the exercise heart rate can be ad-
vanced to 110 per minute if no discomfort appears. Un-
usual responses such as pains of any kind call for medical
review before exercise is resumed. Again, the duration of
the exercise at the elevated heart rate progresses during
the month from five to ten minutes. The third month,
the exercise heart rate and duration are advanced as be-
fore, this time to a heart rate of 120. On days when the
exercise does not feel comfortable, it should be stopped
and the same program repeated the following day. It is
not absolutely necessary to exercise every day, especially
on days when ordinary life activities are moderately vig-
orous.

Exercise benefits do not persist more than a month fol-
lowing cessation of training. The beneficial effects of ex-
ercise, like those of food, cannot be stored but must be
renewed almost daily.

As age advances, the capacity for strenuous exercise de-
creases. Maximum heart rate declines with age; an esti-
mate for an adult can be calculated by subtracting his
age in years from 220. Example: at age 48 the maximum
heart rate is approximately 220 minus 48, or 172.

A safe level of unsupervised exercise in a healthy adult
is about 20 beats per minute less than the maximum heart
rate. The man aged 48, for example, has an estimated
safe limit for unsupervised exercise of 152—172 less 20.
Thus it can be seen that for this 48-year-old man the ex-
ercise heart rate should be not less than 120 per minute to
constitute an effective training stimulus, and not more
than 152 to remain within safe limits.

Fat reduction. Protection of the heart is the adult’s
main goal of exercise, but there are three other goals.
The second, already mentioned, is the role 300 Calories’
worth of exercise plays in the prevention of obesity.
Three hundred Calories per day is approximately the ex-
penditure level that allows a nutritious food intake with-
out storage of fat. ,

Muscle strengthening. The third adult exercise need is
for a loading of muscles above 50 percent of their max-
imum strength. Such muscle loading can be brief; as little
as five seconds just once a day. Lifting an active child or
carrying a heavy sack of groceries will prevent loss of
muscle tissue and strength.

Circulatory adjustment. The fourth need is to stand
up for a total of at least two hours every day. This meets
a twofold objective, to maintain bone structure and to
preserve orthostatic tone—the adjustment of blood pres-
sure to postural changes that prevents fainting on sudden
standing after reclining.

Avoidance of exercise injuries. Injuries that occur dur-
ing physical activities are usually the result of forces
from outside the body. It is doubtful that a muscle can
tear itself by the force of its own contraction. When mo-
mentum or resistance is applied suddenly, however, the
external force may be added to the internal force of con-
traction and cause damage. In running it is the swing of
the leg against partially contracted hamstring muscles
that causes the “pulled” muscle.

Most exercise injuries involve connective tissue. Muscle
“pulls” usually include injury of the sheets of connective
tissue, the fascial tissues, that enclose the muscles. Sore
heels and “shin splints” are due to traumatic inflamma-
tion of the periosteum, the membrane that encloses each
bone. Foot and knee pains are frequently ligamentous in
origin. Many of the above listed problems can easily be
avoided by progressing gradually from extremely light to
heavy training and by using footwear or ground surfaces

that absorb the shock of foot strike in jogging or run-
ning. :

Although the heart muscle is no exception to the rule
that a muscle cannot damage itself by exercise, vascular,
metabolic, or other disease, if present, may be exacer-
bated by heavy activity. On the other hand, controlled
exercise plays an important role in recovery following
coronary heart disease, commencing with extremely light
movement after healing of the injured tissue is com-
plete. Through programs of exercise, postcoronary pa-
tients may regain full working capacity.

Enlargement of the heart muscle occurs as the result
of prolonged periods of continuous heavy exercise. This
normal hypertrophy characterizes “athiete’s heart” and
is a healthy enlargement of the heart muscle resulting
from the increased work of the heart to meet the circula-
tory demands of heavy exercise.

Exhaustion. Exhaustion after many minutes of
heavy exercise can be caused by excessive heat storage,
“hyperthermia,” leading to heat stroke.

When one is near exhaustion, hallucination may occur,
leading to aberrant behaviour. Endurance athletes per-
forming at high altitude or in hot weather frequently
perceive sights and sounds that are not actually present.

The combined effects of extremely hot or cold baths
and fatigue from exercise are potentially dangerous.
After exercise the water temperature should be luke
warm, 5° (F) or less above body temperature.

The phenomenon of “staleness” or overtraining in ath-
letes is only imperfectly understood. The symptoms are
lassitude and poor performance, the latter possibly due
to a lessening of the training intensity. There are circula-
tory and respiratory overreactions to exercise, as in the
untrained. A period of rest, a change of activity, or a
win following a losing streak often acts to reverse the
condition, suggesting that psychosomatic factors may be
operating.

Assessment of exercise adequacy. If an adult is mod-
erately active during the day, all of the needs for exercise
may be met without the addition of formal exercise.
Walking to work, or to shopping, doing manual chores
while standing, and hurrying up a hill or up stairs while
carrying a fairly heavy load once a day will meet all of
an adult’s needs for exercise.

There are two ways to see if exercise or other physical
activity is adequate. One is by making a daily check of
all four exercise needs. The other is to assess physical
status along the following guidelines: ability to endure a
busier than usual day without fatigue; ability to walk
briskly for ten continuous minutes without discomfort;
ability to climb three continuous flights of stairs without
running out of breath; ability to lift and carry fairly
heavy loads without strain; when the abdomen is held
taut, the belly feels muscular, not fat; ability to get
out of bed quickly without feeling dizzy or faint; bones
are not easily broken; participation in an active hobby
not less than twice a week; the daily activity level can
be classified above the sedentary level, with some phys-
ical activity at least ten minutes of every hour all day,
or with continuous, intensive exercise an average of not
less than five minutes per day. If all of these conditions
are met, the individual can be said to be well exercised
and in good physical condition.
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Existentialism

The various philosophies (dating from about 1930) that
have been referred to by the term Existentialism have in
common an interpretation of human existence in the
world that stresses its concreteness and its problematic
character.

NATURE OF EXISTENTIALIST THOUGHT AND MANNER

According to Existentialism: (1) Existence is always par-
ticular and individual—always my existence, your ex-
istence, his existence. (2) Existence is primarily the prob-
lem of existence (i.e., of its mode of being); it is, there-
fore, also the investigation of the meaning of Being. (3)
This investigation is continually faced with diverse possi-
bilities, from among which the existent (i.e., man) must
make a selection, to which he must then commit him-
self. (4) Because these possibilities are constituted by
man’s relationships with things and with other men,
existence is always a being-in-the-world—i.e., in a con-
crete and historically determinate situation that limits or
conditions choice. Man is therefore called Dasein (“there
being”) because he is defined by the fact that he exists,
or is in the world and inhabits it.

With respect to the first point, that existence is par-
ticular, Existentialism is opposed to any doctrine that
views man as the manifestation of an absolute or of an
infinite substance. It is thus opposed to most forms of
Idealism, such as those that stress Consciousness, Spirit,
Reason, Idea, or Oversoul. Secondly, it is opposed to any
doctrine that sees in man some- given and complete
reality that must be resolved into its elements in order
to be known or contemplated. It is thus opposed to any
form of objectivism or scientism since these stress the
crass reality of external fact. Thirdly, Existentialism is
opposed to any form of necessitarianism; for existence
is constituted by possibilities from among which man
may choose and through which he can project himself.
And, finally, with respect to the fourth point, Existential-
ism is opposed to any solipsism (holding that I alone
exist) or any epistemological Idealism (holding that the
objects of knowledge are mental), because existence,
which is the relationship with other beings, always ex-
tends beyond itself, toward the being of these entities; it
is, so to speak, transcendence.

Starting from these bases, Existentialism can take di-
verse and contrasting directions. It can insist on the
transcendence of Being with respect to existence, and, by
holding this transcendence to be the origin or foundation
of existence, it can thus assume a theistic form. On the
other hand, it can hold that human existence, posing itself
as a problem, projects itself with absolute freedom,
creating itself by itself, thus assuming to itself the func-
tion of God. As such, Existentialism presents itself as a
radical atheism. Or it may insist on the finitude of human
existence—i.e., on the limits inherent in its possibilities
of projection and choice. As such, Existentialism pre-
sents itself as a humanism.

From 1940 on, with the diffusion of Existentialism
through continental Europe, its directions have developed
in terms of the diversity of the interests to which they
are subject: the religious interest, the metaphysical (or
nature of Being) interest, the moral and political interest.
This diversity of interests is rooted, at least in part, in
the diversity of sources on which Existentialism has
drawn. One such source has been the subjectivism of
the 4th—5Sth-century theologian, St. Augustine, who ex-
horted man not to go outside himself in the quest for
truth, for it is within him that truth abides. “If you
find that you are by nature mutable,” he wrote, “trans-
cend yourself.” Another source has been the Dionysian
Romanticism of Nietzsche, who exalted life in its most
irrational and cruel features and made this exaltation
the proper task of the “higher man,” who exists beyond
good and evil. Still another source has been the nihilism
of Dostoyevsky, who, in his novels, presented man as
continually defeated as a result of his choices and as con-
tinually placed by them before the insoluble enigma of
himself. As a consequence of the diversity of these
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sources, Existentialist doctrines have focussed on several
aspects of existence.

They have focussed, first, on the problematic character
of the human situation, through which man is continu-
ally -confronted with diverse possibilities or alternatives,
among which he may choose and on the basis of which
he can project his life.

Second, the doctrines have focussed on the phenomena
of this situation and especially on those that are negative
or baffling, such as the concern or preoccupation that
dominates man because of the dependence of all his
possibilities upon his relationships with things and with
other men; the dread of death or of the failure of his
projects; the “shipwreck” upon insurmountable “limit
situations” (death, the struggle and suffering inherent in
every form of life, the situation in which everyone daily
finds himself); the guilt inherent in the limitation of
choices and in the responsibilities that derive from mak-
ing them; the boredom from the repetition of situations;
the absurdity of man’s dangling between the infinity of
his aspirations and the finitude of his possibilities.

Third, the doctrines have focussed on the intersubjec-
tivity that is inherent in existence and is understood
either as a personal relationship between two individuals,
I and thou, such that the thou may be another man or
God, or as an impersonal relationship between the
anonymous mass and the individual self deprived of any
authentic communication with others.

Fourth, Existentialism focusses on ontology, on some
doctrine of the general meaning of Being, which can be
approached in any of a number of ways: through the
analysis of the temporal structure of existence; through
the etymologies of the most common words—on the
supposition that in ordinary language Being itself is dis-
closed, at least partly (and thus is also hidden); through
the rational clarification of existence by which it is pos-
sible to catch a glimpse, through ciphers or symbols,
of the Being of the world, of the soul, and of God;
through existential psychoanalysis that makes conscious
the fundamental “project” in which existence consists; or,
finally, through the analysis of the fundamental modality
to which all the aspects of existence conform—i.e.,
through the analysis of possibility.

There is, in the fifth place, the therapeutic value of
existential analysis that permits, on the one hand, the
liberating of human existence from the beguilements or
debasements to which it is subject in daily life and, on
the other, the directing of human existence toward its
authenticity; i.e., toward a relationship that is well-
grounded on itself, and with other men, with the world,
and with God.

The various forms of Existentialism may also be dis-
tinguished on the basis of language, which is an indica-
tion of the cultural traditions to which they belong and
which often explains the differences in terminology
among the various authors. The principal representatives
of German Existentialism are Martin Heidegger and Karl
Jaspers; those of French personalistic Existentialism are
Gabriel Marcel and Jean-Paul Sartre; that of French
Phenomenology is Maurice Merleau-Ponty; that of Span-
ish Existentialism is José Ortega y Gasset; that of Russian
Idealistic Existentialism is Nikolay Berdyayev (who,
however, lived half of his adult life in France); and that
of Italian Existentialism is Nicola Abbagnano. The lin-
guistic differences, however, are not decisive for a
determination of philosophical affinities. For example,
Marcel and Sartre are farther apart than Heidegger and
Sartre; and there is greater affinity between Abbagnano
and Merleau-Ponty than between Merleau-Ponty and
Marcel.

HISTORICAL SURVEY OF EXISTENTIALISM

Many of the theses that Existentialists defend or illus-
trate in their analyses are drawn from the wider philo-
sophical tradition.

Precursors of Existentialism. The problem of what
man is in himself can be discerned in the Socratic im-
perative “know thyself,” as well as in the work of Mon-
taigne and Pascal. a religious philosopher and mathema-
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tician. Montaigne had said: “If my mind could gain a
foothold, I would not write essays, I would make deci-
sions; but it is always in apprenticeship and on trial.”
And Pascal had insisted on the precarious position of
man situated between Being and Nothingness: “We burn
with the desire to find solid ground and an ultimate sure
foundation whereon to build a tower reaching to the
Infinite. But our whole groundwork cracks, and the earth
opens to abysses.”

The stance of the internal tribunal—of man’s with-
drawal into his own spiritual interior—which reappears
in some Existentialists (in Marcel and Sartre, for ex-
ample) already belonged, as earlier noted, to St. Augus-
tine. In early-19th-century French philosophy, it was
defended by a reformed Idéologue, Marie Maine de
Biran, who wrote: “Even from infancy I remember that I
marvelled at the sense of my existence. I was already led
by instinct to look within myself in order to know how it
was possible that I could be alive and be myself.” From
then on, this posture inspired a considerable part of
French philosophy.

The theme of the irreducibility of existence to reason,
common to many Existentialists, was also defended by
a leading German Idealist, F.W.J. von Schelling, as he
argued against Hegel in the last phase of his philosophy,
and Schelling’s polemic, in turn, inspired the scholar usu-
ally cited as the father of Existentialism, the religious
Dane Sgren Kierkegaard.

The requirement to know man in his particularity and,
therefore, in terms of a procedure different from those
used by science to obtain knowledge of natural objects
was confronted by Wilhelm Dilthey, an expounder of
historical reason, who viewed “understanding” as the
procedure and thus as the proper method of the human
sciences. Understanding, according to Dilthey, consists in
the reliving and reproducing of the experience of others.
Hence it is also a feeling together with others and a
sympathetic participation in their emotions. Understand-
ing, therefore, accomplishes a unity between the knowing
object and the object known.

The immediate background and founding fathers.
The theses of Existentialism found a particular relevance
during World War II, when Europe found itself threat-
ened alternately by material and spiritual destruction.
Under those circumstances of uncertainty, the optimism
of Romantic inspiration, by which the destiny of man
is infallibly guaranteed by an infinite force (such as
Reason, the Absolute, or Mind) and propelled by it to-
ward an ineluctable progress, appeared to be untenable.
Existentialism was moved to insist on the instability and
the risk of all human reality, to acknowledge that man
is “thrown into the world”—i.e., abandoned to a de-
terminism that could render his initiatives impossible—
and to hold that his very freedom is conditioned and
hampered by limitations that could at any moment
render it empty. The negative aspects of existence, such
as pain, frustration, sickness, and death—which 19th-
century optimism refused to take seriously because they
do not touch the infinite principle that these optimists
believed to be manifest in man—become for Existential-
ism the essential features of human reality.

The thinkers who, by virtue of the negative character
of their philosophy, constituted the exception to 19th-
century Romanticism thus became the acknowledged
masters of the Existentialists. Against Hegelian neces-
sitarianism, Kierkegaard interpreted existence in terms
of possibility: dread—which dominates existence through
and through—is “the sentiment of the possible.” It is
the feeling of what can happen to a man even when he
has made all of his calculations and taken every precau-
tion. Despair, on the other hand, discovers in possibility
its only remedy, for “If man remains without possibili-
ties, it is as if he lacked air.” Karl Marx, in holding that
man is constituted essentially by the “relationships of
work and production” that tie him to things and other
men, had insisted on the alienating character that these
relationships assume in capitalistic society, where private
property transforms man from an end to a means, from a
person to the instrument of an impersonal process that

subjugates him without regard for his needs and his de-
sires. Nietzsche had viewed the amor fati (“love of fate”)
as the “formula for man’s greatness.” Freedom consists
in desiring what is and what has been and in choosing it
and loving it as if nothing better could be desired.

Emergence as a movement. Contemporary Existen-
tialism reproduces these ideas and combines them in
more or less coherent ways. Human existence is, for all
the forms of Existentialism, the projection of the future
on the basis of the possibilities that constitute it. For
some Existentialists (the Germans Heidegger and Jas-
pers, for example), the existential possibilities, inasmuch
as they are rooted in the past, merely lead every project
for the future back to the past, so that only what has
already been chosen can be chosen (Nietzsche’s amor
fati). For others (such as Sartre), the possibilities that
are offered to existential choice are infinite and equi-
valent, such that the choice between them is indifferent;
and for still others (Abbagnano and Merleau-Ponty), the
existential possibilities are limited by the situation, but
they neither determine the choice nor render it indiffer-
ent. The issue is one of individuating, in every concrete
situation and by means of a specific inquiry, the real pos-
sibilities offered to man. For all the Existentialists, how-
ever, the choice among possibilities—i.e., the projection
of existence—implies risks, renunciation, and limitation.
Among the risks, the most serious is man’s descent into
inauthenticity or into alienation, his degradation from a
person into a thing. Against this risk, for the theological
forms of Existentialism (as in Gabriel Marcel, a Socratic
dramatist; Karl Barth, a Swiss Neo-orthodoxist; Rudolf
Bultmann, a biblical interpreter), there is the guarantee
of the transcendent help from God, which in its turn is
guaranteed by faith.

Existentialism, consequently, by insisting on the in-
dividuality and nonrepeatability of existence (following
Kierkegaard and Nietzsche), is sometimes led to regard
one’s coexistence with other people (held to be, however,
an ineluctable fact of the human situation) as a con-
demnation or alienation of man. Marcel has said that
all that exists in society beyond the individual is “expres-
sible by a minus sign,” and Sartre has affirmed in his
major work L’Etre et le néant (1943; Eng. trans., Being
and Nothingness, 1956) that “the Other is the hidden
death of my possibilities.” For the other forms of Exis-
tentialism, however, a coexistence that is not anonymous
(as that of a mob) but is grounded on personal commu-
nication conditions man’s authentic existence.

Existentialism has had ramifications in various areas of
contemporary culture. In literature, Franz Kafka, author
of haunting novels, walking in Kierkegaard’s footsteps,
described human existence as the quest for a stable, se-
cure, and radiant reality that continually eludes it (Das
Schloss [1926; Eng. trans., The Castle, 1930]); or he
described it as threatened by a guilty verdict about which
it knows neither the reason nor the circumstances but
against which it can do nothing—a verdict that ends with
death (Der Prozess [1925; Eng. trans., The Trial, 1937]).

The theses of contemporary Existentialism were then
diffused and popularized by the novels and plays of
Sartre, by the writings of the French novelists and dra-
matists Simone de Beauvoir and Albert Camus. In
L’Homme révolté (1951; Eng. trans., The Rebel, 1953),
Camus described the “metaphysical rebellion” as “the
movement by which a man protests against his condition
and against the whole of creation.” In art, the analogues
of Existentialism may be considered to be Surrealism,
Expressionism, and in general those schools that view
the work of art not as the reflection of a reality external
to man but as the free immediate expression of human
reality.

Existentialism made its entrance into psychopathology
through Karl Jaspers’ Allgemeine Psychopathologie
(1913; Eng. trans., General Psychopathology, 1965),
which was inspired by the need to understand (in Dil-
they’s sense) the world in which the mental patient lives,
by means of a sympathetic participation in his experi-
ence. Later, Ludwig Binswanger, a Swiss psychiatrist of
the Daseinsanalyse school, in one of his celebrated works,
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Uber Ideenflucht (1933; “On the Flight of Ideas”), in-
spired by Heidegger’s thought, viewed the origin of
mental illness as a failure in the existential possibilities
that constitute human existence (Dasein). From Jaspers
and Binswanger, the Existentialist current became dif-
fused and variously stated in contemporary psychiatry.
In theology, Barth’s Romerbrief (1919; Eng trans., The
Epistle to the Romans, 1933) started the “Kierkegaard
revival,” the emblem of which was expressed by Barth
himself; it is “the relation of this God with this man; the
relation of this man with this God—this is the only
theme of the Bible and of philosophy.” Within the
bounds of this current, on the one hand, there was an
insistence upon the absolute transcendence of God with
respect to man, who could place himself in relationship
with God only by denying himself and by abandoning
himself to a gratuitously granted faith. On the other
hand, there was the requirement to demythologize the
religious content of faith, particularly of the Christian
faith, in order to allow the message of the eschatological
event (of salvation) to emerge from among the existential
possibilities of man.

METHODOLOGICAL ISSUES IN EXISTENTIALISM

The methods that the Existentialists employ in their
interpretations have a presupposition in common: the
immediacy of the relationship between the interpreter
and the interpreted, between the interrogator and the
interrogated, between the problem of being and Being
itself. The two terms coincide in existence; for the man
who poses the question “What is Being?” cannot but
pose it to himself and cannot respond without starting
from his own being.

This common ground notwithstanding, each Existen-
tialist thinker has defended and worked out his own
method for the interpretation of existence. Heidegger, an
Existentialist with ontological (nature of Being) concerns,
availed himself of the philosophy of Edmund Husserl,
founder of Phenomenology, which, as logos of the
phainomenon, employs speech that manifests or discloses
what it is that one is speaking about and that is true—in
the etymological use of the Greek word alétheia (i.e., the
sense of uncovering or manifesting what was hidden).
The phenomenon is, from Heidegger’s point of view, not
mere appearance, but the manifestation or disclosure of
Being in itself. Phenomenology is thus capable of dis-
closing the structure of Being and hence is an ontology
of which the point of departure is the being of the one
who poses the question about Being, namely man.

Jaspers, an authority in psychopathology as well as in
the philosophy of human existence, on the other hand,
employed the method of the rational clarification of
existence; he maintained that existence, as the quest for
Being, is man’s effort of rational self-understanding, or
universalizing, of communicating—a method that pre-
supposes that existence and reason are the two poles of
man’s being. Reason is possible existence; i.e., existence
that, as Jaspers writes in his Vernunft und Existenz
(1935; Eng. trans., Reason and Existenz, 1955), becomes
“manifest to itself and as such real, if, with, through and
by another existence, it arrives at itself.” This activity,
however, is never consummated; thus, when the im-
possibility of its achievement is recognized, it is changed
into faith, into the recognition of transcendence as pro-
viding the only possibility of its final achievement.

According to Sartre, the foremost philosopher of mid-
20th-century France, the method of philosophy is existen-
tial psychoanalysis; i.e., the analysis of the “fundamental
project” in which man’s existence consists. In contrast
to Freudian psychoanalysis, which stops short at the
irreducibility of the libido, or primitive psychic drive,
existential psychoanalysis tries to determine the “original
choice” through which man constructs his world and
decides in a preliminary way upon particular choices
(which, however, may place in crisis the primordial
choice itself).

According to Marcel, a Christian Existentialist philoso-
pher and dramatist, the method of philosophy depends
upon a recognition of the mystery of Being (Le Mystére
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de I'étre [1951; Eng. trans., The Mystery of Being, 1950—
51]); i.e., on the impossibility of discovering Being
through objective or rational analyses or demonstrations.
Philosophy should lead man up, however, to the point of
making possible for him “the productive illumination of
Revelation.”

Finally, according to humanistic Existentialism, as rep-
resented by Abbagnano, the leading Italian Existentialist,
and by Merleau-Ponty, a French Phenomenologist, the
method of philosophy consists of the analysis and the
determination—by employing all available techniques in-
cluding those of science—of the structures that constitute
existence; i.e., of the relations that connect man with
other beings and that figure, therefore, not only in the
constitution of man but in the constitution of the other
beings as well.

SUBSTANTIVE ISSUES IN EXISTENTIALISM

Fundamental concepts and contrasts. Both the ontol-
ogy and manner of human existence are of concern to
Existentialism.

Ontic structure of human existence. The fundamental
characteristic of Existentialist ontology is the primacy
that that study of the nature of existence gives to the con-
cept of possibility. This priority dominated the philoso-
phy of Kierkegaard and also was amply utilized by Hus-
serl, who had explicitly affirmed the ontological priority
of possibility over reality. Possibility, however, is not un-
derstood by the Existentialists in the purely logical sense
as absence of contradiction nor in the sense of traditional
metaphysics as potentiality destined to become actuality
but, rather, in the sense of ontic or objective possibility,
which is the very structure of human existence; it is thus
the specific modality of man’s being.

Another way of expressing this thesis is the affirmation
of Heidegger and Sartre that “existence precedes es-
sence,” which signifies that man does not have a nature
that determines his modes of being and acting but that,
rather, these modes are simply possibilities from which
he may choose and on the basis of which he can project
himself. In this sense, Heidegger has said that “Dasein is
always its own possibility,” and Sartre has written: “It is
true that the possible is—so to speak—an option on
being, and if it is true that the possible can come into the
world only through a being which is its own possibility,
this implies for human reality the necessity of being its
being in the form of an option on its being.”

As possibility, human existence is the anticipation, the
expectation, the projection of the future. The future is its
fundamental temporal dimension, to which the present
and the past are subordinate and secondary; existence is
always stretched out toward the future. As possibility, ex-
istence is also transcendence, being beyond, because all
of its constitutive possibilities organize it beyond itself
toward the other beings of the world and toward the
world in its totality. To transcend thus means to move
toward something that is not one’s own existence; i.e., to-
ward things and toward other men, with which man is re-
lated in every situation in which he finds himself.

Yet for some Existentialists, the being of these other
entities has a modality that differs from the being of
man’s existence: their existence is not possible being but
real or factual being. To existence, Heidegger contrasts
the presence of the things in the world—a presence that
assumes, as man takes notice of these things for his
needs, the aspect of utilizability. But utilizability is not a
simple quality of things; it is their very being. Analogous-
ly, Sartre distinguishes the for-itself—the mode of being
of man’s existence that he identifies, following Descartes
and Husserl, with consciousness—f{rom the in-itself, the

being or reality of things that he identifies with their uti-

lizability. According to Jaspers, over against the exis-
tence of the possible (man, Dasein) stands the world as
the infinite horizon that encompasses within itself each
possible existence and, therefore, cannot itself be encom-
passed by any one of them. This is a world that is a re-
ality of fact, at the origin of which there is a Being that
is pure transcendence and that, therefore, never reveals
itself.
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Similarly, the religious forms of Existentialism insist on
transcendence, considering it to be the property of the
Being that is beyond the existential possibilities and that
can enter among them solely under the form of mystery
(Marcel) and of the extratemporal revelation of faith
(Barth, Jaspers). Marcel, in this regard, has contrasted
Being, which is a mystery, with having, which is the con-
dition of man in the world; that is to say, man has ob-
jects before him that are foreign to his subjectivity. He
tries to organize them and discover the bond that ties
them together so as to control and use them.

In all of these doctrines, there is the dominating theme
of the contrast between the modality proper to existence,
which is possibility, and the modality proper to Being,
which is reality or facticity. As a result of this contrast,
existence (as possibility) appears as the nothingness of
Being, as the negation of every reality of fact. In a brief
but famous essay, Was ist Metaphysik? (1929), Heidegger
affirmed that “Human existence cannot have a relation-
ship with being unless it remains in the midst of nothing-
ness.” Rudolf Carnap, a semanticist and leading Logical
Positivist, in an equally famous essay, “Uberwindung der
Metaphysik durch die logische Analyse der Sprache”
(1931; “The Elimination of Metaphysics Through Logi-
cal Analysis of Language”), criticized this hypostatization
(or making real) of Nothingness as one of the grosser fal-
lacies of metaphysics. In truth, Nothingness is, for the
Existentialists, possible existence, as the negation of the
reality of fact. Sartre has written: “The possible is the
something which the For-itself lacks in order to be itself”;
it is what the subject lacks in order to be an object; thus
it does not exist except as a lacking. )

This is also true of value, which is such insofar as it
does not exist. For even when value occurs or is per-
ceived in certain acts, it lies beyond them and constitutes
the limit or the goal toward which they aim. Analogous-
ly, knowledge, in which the object (the in-itself) presents
itself to consciousness (the for-itself), is a relationship of
nullification, because the object cannot be offered to con-
sciousness except as that which is not consciousness. Fur-
thermore, another existence is such insofar as it is not
mine; thus this negation is “the constitutive structure of
the being-of-others.”

But this reduction of existence to Nothingness can lead
in two directions: it can lead to insisting on the lack of
meaning—i.e., on the absurdity of existence and of every
possible project—as it does in Sartre, in Camus, and in
atheistic Existentialism; or it can lead toward the quest
for a more direct relationship of existence with Being,
beyond the constitutive possibilities of existence, so that
Being reveals itself, at least partly, in existence—through
language or through faith or through some mystical form
of religiousness, as happens in the later phase of Heideg-
ger’s thought, in Jaspers, and in all of the forms of theo-
logical Existentialism.

Manner and style of human existence. Existentialism
is never a solipsism in the proper sense of the term (that
I alone exist), because every existential possibility relates
man to things and to other men. Sometimes it is pre-
sented as humanism in the sense that it places human
destiny in the hands of men themselves. But this version
is rejected by all of the currents of the movement that,
starting with Heidegger, insist on the priority and the ini-
tiative of Being with regard to human existence. The op-
position between these two points of view depends on
how the different Existentialists solve the problem of
freedom.

Man always finds himself in a situation in which his
constitutive possibilities are rooted. For Heidegger and
Jaspers, this situation determines the choice that he
makes among these possibilities; for Sartre, conversely,
the situation is determined by the choice. Existentialism
fluctuates in this way between the concept of a destiny in
which, like Nietzsche’s amor fati, man accepts what has
already been chosen and the concept of a radical free-
dom whereby the choices are offered to man in an abso-
lute indifference. From the first point of view, every proj-
ect of life falls back on or is reduced to the situation from
which it starts; thus the possibility of being, of acting, of

willing, of choosing is really, as Jaspers points out in his
Philosophie (1932), the impossibility of being, acting,
willing, and choosing in a manner different from the way
things are; i.e., from the factual conditions of the situa-
tion. From the second point of view, the fundamental
project, which is the primordial choice, has no condi-
tions; as Sartre says: “Since I am free, I project my total
possible, but I thereby posit that I am free and that I
can always nihilate this first project and make it past.”
From the first, or deterministic, point of view, the past
determines the future and assimilates it to itself; from
the second, or libertarian, point of view, the meaning of
the past depends upon the present project. In the latter
instance, freedom is a kind of damnation: as Sartre af-
firms: “We said that freedom is not free not to be free
and that it is not free not to exist.”

A choice, however, is offered to man even from the
destinarian point of view: that between understanding
and not understanding one’s own nothingness. According
to Heidegger, a man achieves what he calls “authentic ex-
istence” when he understands the impossibility of all of
the possibilities of existence—the impossibility of which
the sign or term is death. Jaspers affirms, in his turn, that
the only choice offered to man is that between accepting
or rejecting the situation with which he is identified. The
rejection of it, however, is a betrayal that plunges him
back into the situation itself.

Existentialist ontology thus fluctuates between Being
and Nothingness and concludes by regarding Nothing-
ness as the only possible revelation of Being. In the athe-
istic version, it is man, as Sartre affirms, who “strives to
be God” and consumes himself vainly in the effort. In the
cosmological or theological version, it is Being that in-
tervenes, in a way that is more or less mysterious or hid-
den, to redeem man from Nothingness.

Problems of Existentialist philosophy. The key prob-
lems for Existentialism are those of man himself, of his
situation in the world, and of his more ultimate signifi-
cance.

Man and human relationships. Existentialist anthro-
pology is strictly connected with its ontology. The tradi-
tional distinction between soul and body is completely
eliminated; thus the body is a lived-through experience
that is an integral part of man’s existence in its relation-
ship with the world. According to Sartre, “In each proj-
ect of the For-itself, in each perception the body is there;
it is the immediate Past in so far as it still touches on
the Present which flees it.” As such, however, the body
is not reduced to a datum of consciousness, to subjective
representation. Consciousness, according to Sartre, is
constant openness toward the world, a transcendent rela-
tionship with other beings and thereby with the in-itself.
Consciousness is existence itself, or, as Jaspers says, it
is “the manifestation of being.” In order to avoid any
subjectivistic equivocation, Heidegger went so far as to
renounce the use of the term consciousness, preferring
the term Dasein, which is more appropriate for designat-
ing human reality in its totality. For the same reasons,
the traditional opposition between subject and object, or
between the self and the nonself, loses all sense. Dasein
is always particular and individual. It is always a self;
but it is also always a project of the world that includes
the self, determining or conditioning its modes of being.

All of these modes of being thus arise, as Heidegger
shows in his masterpiece Sein und Zeit (1927; Being and
Time, 1962), from the relationship between the self and
the world. Heidegger has regarded concern (in the Latin
sense of the term) to be the fundamental aspect of this
relationship, insofar as it is man’s concern to obtain the
things that are necessary for him and even to transform
them with his work as well as to exchange them so as to
make them more suitable to his needs. Concern demon-
strates that man is “thrown into the world,” into the
midst of other beings, so that in order to project himself
he must exist among them and utilize them. Being thrown
means, for man, being abandoned to the whirling flow of
things in the world and to their determinism.

This happens inevitably, according to Heidegger, in in-
authentic existence—day-to-day and anonymous exis-
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tence in which all behaviour is reduced to the same level,
made “official,” conventional, and insignificant. Chatter,
idle curiosity, and equivocation are the characteristics of
this existence, in which “One says this” and “One does
that” reign undisputed. Anonymous existence amounts to
a simple “being together” with others, not a true coexis-
tence, which is obtained only through the acceptance of a
common destiny (see below).

All of the Existentialists are in agreement on the diffi-
culty of communication; i.e., of well-grounded intersub-
jective relationships. Jaspers has perhaps been the one to
insist most on the relationship between truth and com-
munication. Truths are and can be different from exis-
tence. But if fanaticism and dogmatism (which absolutize
an historical truth) are avoided on the one hand while
relativism and skepticism (which affirm the equivalence
of all truths) are avoided on the other, then the only
other way is a constant confrontation between the differ-
ent truths through an always more extended and deep-
ened intersubjective communication.

Sartre, however, denies that there is authentic commu-
nication. According to him, consciousness is not only the
nullification of things but also the nullification of the
other person as other. To look at another person is to
make of him a thing. This is the profound meaning of the
myth of Medusa. Sexuality itself, which Sartre holds to
be an essential aspect of existence, fluctuates between
sadism and masochism, in which either the other person
or oneself is merely a thing. On this basis, the intersub-
jective relationship is obviously impossible.

The human situation in the world. Heidegger has
pointed to the foundation of the intersubjective relation-
ship in dread. When a man decides to escape from the
banality of anonymous existence—which hides the noth-
ingness of existence, or the nonreality of its possibilities,
behind the mask of daily concerns—his understanding of
this nothingness leads him to choose the only uncondi-
tioned and insurmountable possibility that belongs to
him: death. The possibility of death, unlike the possibil-
ities that relate him to other things and to other men,
isolates him. It is a certain possibility, not through its
apodictic evidence but because it continuously weighs
upon existence. To understand this possibility means to
decide for it, to acknowledge “the possibility of the im-
possibility of any existence at all” and to live for death.
The emotive tonality that accompanies this understand-
ing is dread, through which man feels himself to be “face
to face with the ‘nothing’ of the possible impossibility of
[his] existence.”

But neither the understanding of death nor its emotive
accompaniment opens up a specific task for man, a way
to transform his own situation in the world. They enable
him only to perceive the common destiny to which all
men are subject; and they offer to him, therefore, the pos-
sibility of remaining faithful to this destiny and of freely
accepting the necessity that all men share in common. In
this fidelity consists the historicity of existence, which is
the repetition of tradition, the return to the possibilities
from which existence had earlier been constituted, the
wanting for the future what has been in the past. And in
this historicity participate not only man but all of the
things of the world, in their utilizability and instrumen-
tality, and even the totality of Nature as the locus of his-
tory.

Dread, therefore, is not fear in the face of a specific dan-
ger. It is rather the emotive understanding of the nullity
of the possible, or, as Jaspers says, of the possibility of
Nothingness. It has, therefore, a therapeutic function in
that it leads human existence to its authenticity. From
the fall into factuality into which every project plunges
him, man can save himself only by projecting not to pro-
ject; i.e., either by abandoning himself decisively to the
situation in which he finds himself or by being indifferent
to any possible project—with regard to which Sartre
says, “Thus it amounts to the same thing whether one
gets drunk alone or is a leader of nations.”

The pivotal point of that conclusion—the conclusion
most widely held among the Existentialists and the one in
fact often identified with Existentialism—is the antithesis
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between possibility and reality. On the one hand, exis-
tence is interpreted in terms of possibilities that are not
purely logical possibilities or manifestations of a man’s
ignorance of what exists but are, rather, effective, or
ontic, possibilities that constitute man as such; on the
other hand, contrasted to possibilities in this sense is a
reality, a for-itself, a world, a transcendence that is a
factual presence, insurmountable and oppressive, with re-
spect to which possibility is a pure Nothingness. The con-
tradiction to which this antithesis leads becomes clear
when the same reality is interpreted in terms of possibil-
ity: when the being of things, for example, is reduced to
their possibility of being utilized; when the being of other
men is reduced to the possibility of anonymous or per-
sonal relationships that the individual can have with
them; and when the being of transcendence, or of God,
is reduced to the possibility of the relationship, although
ineffable and mysterious, between transcendence, or God,
and man.

It has been said that a coherent Existentialism should
avoid the constant mortal leap between Being and Noth-
ingness; should not confuse the problematic character of
existence with the fall into factuality; should not confuse
the finitude of possibilities with resignation to the situa-
tion, choice with determinism; freedom conditioned by
the limits of the situation with the acknowledgment of
the omnipresent necessity of the Whole. In this inquiry,
it is held, Existentialism could well benefit from a more
attentive consideration of science, which it has viewed
until now only as a preparatory, imperfect, and objectify-
ing knowledge in comparison with the authentic under-
standing of Being, which it considers to be a more funda-
mental mode of the being of man in the world. Science,
it is submitted, offers today the example of an extensive
and coherent use of the concept of the possible'in the key
notions that it employs, especially in those branches that
are interdisciplinary—among them such notions as inde-
terminacy, chance, probability, field, model, project,
structure, and conditionality.

Some steps in this direction have been taken by Ab-
bagnano and by Merleau-Ponty. According to the latter,
considerations of probability are rooted in the being of
man, inasmuch as he is situated in the world and invested
with the ambiguity of his events. Merleau-Ponty has writ-
ten in his Phénoménologie de la perception (1945):

Our freedom does not destroy our situation, but is engaged

with it. The situation in which we live is open. This implies

both that it appeals to modes of privileged resolution and
that it is of itself powerless to obtain one of them.

From this point of view, there is always a certain free-
dom in situations, although its degree varies from situa-
tion to situation.

Significance of Being and transcendence. Among the
thinkers most frequently mentioned here, the concept of
the necessity of Being prevails as the basis of their meta-
physical or theological orientations. Heidegger has come
more and more to insist on the massive presence of Be-
ing in the face of human existence, by attributing to Be-
ing all initiative and to man only the possibility of aban-
doning himself to Being and to the things that are the
modes of the language of Being. For Heidegger, Being
is interpreted better through the etymology of those
words that designate the most common things of daily
life than through the analysis of existential possibilities.
Jaspers has seen the revelation of transcendence in ci-
phers—i.e., in persons, doctrines, or poems—all of which
can be interpreted as symbols of existential situations and
above all of limit situations, the insurmountability of
which, in provoking the total “shipwreck” of human pos-
sibilities, makes man feel the presence of absolute tran-
scendence. In a less philosophically elaborate form,
Being has been understood as mystery by Marcel; as the
perfect actuality that guarantees the existential possibili-

" ties by Louis Lavelle, a leader of the French philosophie

de lesprit; and as the absolute value that man encounters
in his own spiritual intimacy by René Le Senne, also of
the philosophie de 'esprit.

Problems of Existentialist theology. Existentialism
has a theological dimension. Though Heidegger rejects
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the label of atheist, he also denies to the Being of which
he speaks the essential qualifications of divinity, inas-
much as it is not the ultimate cause and the Good. But
Jaspers, in his last writings, emphasized more and more
the religious character of faith in transcendence. Faith is
the way to withdraw from the world and to resume con-
tact with the Being that is beyond the world. Faith is life
itself, in that it returns to the encompassing Whole and
allows itself to be guided and fulfilled by it. Jaspers has
even developed a theology of history. He speaks of an
axial age, which he places between the 8th and 2nd cen-
turies before Christ, the age in which the great religions
and the great philosophers of the Orient arose—Con-
fucius and Lao-tzu, the Upanisads, Buddha, Zoroaster,
the great prophets of Israel—and in Greece the age of
Homer and of classical philosophy as well as Thucydides
and Archimedes. In this age, for the first time, man be-
came aware of Being in general, of himself, and of his
limits. The age in which man now lives, that of science
and technology, is perhaps the beginning of a new axial
age that is the authentic destiny of man but a destiny that
is far off and unimaginable.

For Bultmann, the theologian of the demythologization
of Christianity, inauthentic existence is tied to the past,
to fact, to the world, while authentic existence is open to
the future, to the nonfact, to the nonworld; i.e., to the
end of the world and to God. Thus, authentic existence is
not the self-projection of man in the world but, rather,

‘the self-projection of man in the love of and obedience to

God. But this self-projection is no longer the work of
human freedom,; it is the saving event that enters miracu-
lously through faith into the future possibilities of man.

In these theological speculations and in others that are
comparable, the common presupposition of the Existen-
tialists is recognized—i.e., the gap between human exis-
tence and Being. There is either an acknowledgment of
that gap, with existence assuming the role of the demonic
(the alternative that Sartre and others have all illustrated
above all in their literary works), or an acknowledgment
of the hidden participation of human existence in Being
through a gratuitous initiative on the part of Being.

Kierkegaard had earlier distinguished three stages of
existence between which there is neither development
nor continuity but gaps and jumps: the aesthetic stage is
the one in which one lives for the pleasure of the mo-
ment; the ethical stage is the one based on the stability
and continuity of life in work and in matrimony; and the
religious stage is the one characterized by faith, which is
always a “dreadful certainty”—i.e., a dread that becomes
certain of a hidden relationship with God.

The ethical and religious stages correspond roughly to
what Heidegger and Jaspers call, respectively, the inau-
thenticity and the authenticity of existence. Art is not as
a rule recognized by contemporary Existentialists as an
autonomous stage; it is almost always for them an essen-
tial manifestation of existence itself. For Jaspers, it is a
mode of reading in nature, in history, and in men the ci-
pher of transcendence; i.e., the negative symbol in which
transcendence is revealed. According to Camus, it is an
aspect of man’s revolt against the world. The artist tries
to remake the sketch of the world that is before him and
to give it the style—that is to say, the coherence and
unity—that it lacks. For this purpose, he selects the ele-
ments of the world and freely combines them in order to
create a value that escapes man continuously but that the
artist perceives and tries to salvage from the flux of his-
tory.

From this point of view, art would be a way of reshap-
ing the world beyond its factual forms, in order that it
might show their negative and troublesome character-
istics. The directions of contemporary art that have de-
liberately forsaken the imitation of reality find their justi-
fication in this point of view.

SOCIAL AND HISTORICAL PROJECTIONS OF EXISTENTIALISM

The metaphysical or theological dimension of Existen-
tialism does not leave man with nothing to do. Once the
nullity of the existential possibilities is recognized, man
cannot but resign himself to Being, which, in one of its

new manifestations in the world or beyond it, conducts
him to a new epoch. Even someone like José Ortega y
Gasset, the leading Spanish Existentialist and writer,
who, in examining the social aspects of existence, has
characterized the present epoch by the advent of the
masses and the socialization of man, has halted at the
recognition of the crisis and the total uncertainty that
dominates the future of man (La Rebelién de las masas
[1929; Eng. trans., The Revolt of the Masses, 1932]).

On the other hand, humanistic Existentialism has recog-
nized the positive and the to-some-degree determiining
function that man may have in history. It has insisted, as
in Merleau-Ponty, on man’s duty to assume the responsi-
bility of an effective action for the transformation of so-
ciety and, in general, of the world that he inhabits.

Along this line of assuming responsibility, Existential-
ism has moved toward Marxism, with which it shares the
diagnoses of existence as the primordial and ineradicable
relationship of man with nature and with society. In the
Critique de la raison dialectique (1960; “Critique of Dia-
lectical Reason”), Sartre attempted a synthesis between
Existentialism and Marxism by modifying the notion of
“project” that he defended in L’Etre et le néant and by
utilizing the notion of dialectic as understood by Marx.
The project of which existence consists is not the result
of an arbitrary choice (as Sartre had previously main-
tained); it is, instead, that of a conditioning by the objec-
tive possibilities that Sartre identifies (as does Marx) with
“the material conditions of existence.” The project re-
mains, however, that of the particular individual of a
unique consciousness—but of a consciousness that tries
to become totalized; i.e., to enter into relationship with
others so as to constitute, with others, human groups that
are more and more comprehensive. In this manner it
tends toward a complete and definitive totalization with-
out appeals. Dialectical reason would be precisely such a
process of growing totalization; and it becomes, more-
over, the true protagonist of history and becomes that
with which the interior freedom of any individuals who
participate in history is identified.

From the defense of the freedom of the 1nd1v1dua1 Sar-
tre has thus moved to the defense of the absolute dialecti-
cal necessity of history despite its being interiorized and
lived by individuals. An historical project of human life
that tries to remove the characteristics of inauthenticity
or of alienation from existence—a project that may bring
Existentialism and Marxism close together—thus ends by
losing, in this form, its risky and problematic character
and the awareness of the conditions and the modalities
of its realization. These features are also lost in the “tran-
scendental project” of a new society elaborated by one of
the leaders of the New Left, the German-born American
Herbert Marcuse. While insisting on the requirement that
the “transcendental project” be “in accord with the real
possibilities open at the attained level of the material and
intellectual culture,” Marcuse entrusts its realization to
an impersonal and contemplative Reason, which cannot
but invite the “great refusal” of contemporary society.

Having developed in different and contrasting direc-
tions, Existentialism has furnished philosophy and the
whole of contemporary culture with conceptual tools, of
which the nature and techniques of employment have
still not been clarified—as, for example, terms like
“problematicity,” “chance,” “condition,” “choice,” “free-
dom,” and “project.” Although these tools can be em-
ployed usefully for the interpretation of existence—i.e.,
to orient philosophical inquiry in the fields of epistemol-
ogy, ethics, aesthetics, education, and politics—it is none-
theless indispensable that the pivot on which they turn,
“possibility,” be granted its own ontological status that
does not reduce it either to Nothingness or to Being. It is
indispensable, moreover, that a positive datum be per-
ceived in possibility, a datum that is verifiable with ap-
propriate techniques and that, while not offering infal-
lible guarantees, allows man to project and to act in the
world with calculated risks and with a prudent trust.
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Exploration, Surface and Underground

Exploration has played a historic role in human affairs,
probably since before recorded times; the 20th century
has witnessed the last stages of exploration on the sur-
face of the earth and the first explorations of space. For
an account of the history of early exploration of the
earth’s surface, see GEOGRAPHY. For a history of the ex-
ploration of space, see SPACE EXPLORATION. The present
article focusses on modern earth exploration. Because of
the facility of surface exploration by aircraft, the earth’s
surface has virtually lost its mystery; therefore scientific
attention today is primarily directed beneath the surface
of the earth.

The era of scientific exploration. Scientific interest in
the earth increased considerably during the 19th century.
Early efforts were characterized by a strong element
of national competition and a lack of international co-
ordination. After World War I a new era of interna-
tional cooperation began. A dozen international scientific
unions were coordinated by the International Council of
Scientific Unions. Developments in communication and
transportation during World War II improved the possi-
bilities of international cooperation in scientific explora-
tion. After World War II the United Nations Educa-
tional, Scientific, and Cultural Organization (UNESCO)
provided a centre for coordination and a certain amount
of financial assistance for the exchange of information.

One of the first major international scientific efforts was
a systematic study of the earth and its environment
undertaken by more than 70 nations during the Interna-
tional Geophysical Year, which began on July 1, 1957,
and was ultimately extended to December 31, 1959. The
exploration of Antarctica was greatly advanced by inter-

Exploration, Surface and Underground 79

ested nations, which on December 1, 1959, signed the
Antarctic Treaty, suspending all territorial claims in
Antarctica for a period of 30 years and promoting inter-
national cooperation in scientific research. At the end of
the International Geophysical Year the work was con-
tinued under special committees for oceanographic, ant-
arctic, and space research. Later, an Upper Mantle Com-
mittee was established by the International Council of
Scientific Unions to coordinate the Upper Mantle Project,
an international program of research on the solid earth
that began in 1961.

PURPOSES OF EXPLORATION

Only about 30 percent of the earth’s surface lies above
sea level, and of this only about one-third, or 10 percent,
is generally suitable for human occupation; the re-
mainder is either too cold, too dry, too high, or too in-
fertile. Modern exploration of the earth is directed largely
beneath the surface in search of new mineral, fuel, and
water resources or for the planning and construction of
human facilities. The most interesting, however, is prob-
ably that carried out for scientific purposes.

Scientific exploration. Present knowledge of the earth’s
interior is based on indirect observations and is there-
fore subject to considerable uncertainty. The Interna-
tional Upper Mantle Committee has done much to en-
courage participating countries to extend scientific knowl-
edge by a coordinated program of drilling into the crust.
One of the most ambitious exploration projects of the
last decade was the abortive U.S. Project Mohole, the
primary objective of which was to obtain a core record
through the layers of the earth’s crust and the upper
part of the underlying mantle. The ultimate objective
was to drill to a total depth of 35,000 feet (10,500
metres), of which 15,000 feet (4,500 metres) was through
water, from a ship stationed at a point in the ocean
where the thickness of the earth’s crust is minimum. In-
formation from such boring would include heat flow
measurements, thermal and electrical conductivity val-
ues, seismic velocities (that is, the speed at which earth-
quakes and tremors travel), radioactive and magnetic
values, and other physical properties of the crust and
upper mantle helpful in determining the origin and char-
acter of the earth.

Drilling grows progressively more expensive; a 25,000-
foot (7,600-metre) borehole may cost 10 times as much
as a 10,000-foot (3,000-metre) borehole in the same ma-
terial. Consequently, after an expenditure of some $20
million the National Science Foundation withdrew its
support of the project in 1967 before the deep hole had
been begun.

Another venture is the Deep Sea Drilling Project begun
in 1966 and aimed at the recovery of cored samples from
the sedimentary layer of the deep ocean basins. Scientific
planning for the program was conducted under the aus-
pices of the Joint Oceanographic Institutions for Deep
Earth Sampling, a consortium of oceanographic institutes
and universities.

In addition to deep-drilling activities, an extensive co-
operative program of shallow and intermediate drilling
is proceeding under the guidance of the Upper Mantle
Committee. In this program scientists are profiting from
a great deal of expertise acquired by the resource indus-
tries in subsurface exploration.

Resource exploration. Exploration for new resources
is usually carried out in remote areas with indirect tech-
niques which measure gravity or magnetic anomalies or
the seismic response of the earth to artificially induced
shock waves. Seismic methods are most commonly used
for oil and gas exploration in areas where the geological
structure shows promise. If the seismic survey is en-
couraging it is followed by drilling because the actual
occurrence can be proved only when the drill penetrates
the deposit. The cost of drilling depends on the depth,
the type of material through which the drill must pass,
and the remoteness of the area. The deepest hole ever
drilled, just over 25,000 feet (7,600 metres), is located in
Texas.

Economic mineral resources usually are found nearer
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the surface than are oil and gas reservoirs. The largest
mines in the world are open-pit mines, although the
deepest mine was dug for gold (11,246 feet or 3,410
metres) in South Africa. Though many large mineral re-
sources have been discovered by individual prospectors,
airborne devices for detecting slight changes in the earth’s
magnetic field are much more important today.

Water supply. Water is one of the oldest motives for
exploration. Almost all water comes to the earth as
precipitation; some evaporates from the surface or is
used by vegetation, while some runs off into lakes and
streams, or sinks into the ground. Most urban supplies
have always been obtained from lakes and rivers or from
storage reservoirs designed to provide a continuous sup-
ply when rainfall is seasonal. Even when supplies are
reasonably abundant, large amounts of water may be
taken from the ground. The city of London, for example,
obtains about one-sixth of its municipal water supply
from wells.

Ancient villages required only about 3 to 5 gallons
(11-20 litres) of water per person per day; modern
cities consume more than 60 gallons (227 litres) per per-
son per day. Once a city is established, its steadily in-
creasing demand for water must be met and often
groundwater is the only source. The little Middle Eastern
nation of Kuwait, rich in oil but desperate for fresh-
water, which has to be either imported or distilled from
the sea, persisted in exploration until the discovery, by
drilling, of a significant source of groundwater in 1960.

Exploration for construction. Though the depth of
exploration required for surface construction is seldom
more than 100 feet (30 metres), for very heavy struc-
tures and for tunnels it is considerably deeper. The cost
of the investigation is a small fraction of total construc-
tion cost, but for major structures, such as large dams,
long-span bridge foundations, and deep or underwater
tunnels, such exploration may be critically important.
Exploration may seek information on earth materials re-
lating to potential excavation difficulties, sand and gravel
supplies for construction, groundwater characteristics,
the stability of natural slopes, flooding hazards, and
earthquake potential.

METHODS OF SUBSURFACE EXPLORATION

Exploration methods are of two general types: direct and
indirect. Direct methods involve the collection and ex-
amination of samples; indirect methods are all those that
do not. The methods selected for any particular purpose
are necessarily based on economic considerations. Large
programs are conducted in stages, with plans for each
stage made on the basis of information derived from
earlier stages.

Use of maps. Ordinary topographic maps show boun-
daries between water and land, contours of elevation,
and the location of important features, but give no indi-
cation of subsurface conditions. Soil, or pedologic, maps
describe the surface soils and their value for agricul-
tural purposes. Geologic maps show the thicknesses and
relative positions of bedrock materials and surface soils
lying above them. All new subsurface investigations,
whether for oil, minerals, construction materials, water
supply, or civil-engineering construction, begin with the
study of available maps. Map information is supple-
mented by studies of geological and engineering reports
describing previous experiences in the area.

Remote sensing. The earliest form of remote sensing
was visual observation from hills and treetops, often for
military purposes. Balloons widened the horizon and
aerial photography provided a permanent record of the
view. Modern photographs from spacecraft and satellites
show huge sections of the earth in minute detail. Even
more remarkable than the ability to photograph is the
development of photo interpretation into a reliable tech-
nique.

Photographs from aircraft, because they exaggerate the
relief features of the earth when viewed stereoscopically,
can be used to prepare extremely accurate contour maps
at a fraction of the cost of ground surveys. Trained in-
terpreters can identify landforms, interpret geology, lo-

cate sand and gravel deposits, predict landslide and flood-
ing hazards, and conduct inventories of natural resources.
In remote areas aerial photographs guide the selection
of campsites and access routes; in built-up areas they
assist land-use planning, expose traffic problems, and
assist with man’s studies and activities in many other
ways.

Radar (gq.v.), perfected during World War II, is an
especially valued tool for remote sensing because it
does not require clear weather conditions, is effective at
night, and can penetrate dense vegetation. Radar op-
erates near the long-wavelength end of the electromag-
netic spectrum, well outside the visible light range, and
provides an .indirect image by scanning its target. An-
other recently developed method of imagery is the scan-
ning infrared sensor that, operating at wavelengths be-
tween radar and visible light, provides relative surface
temperature information and is useful in detecting moist
areas, underground water, and other terrain features.

Sensors now being developed extend into the microwave
region or beyond it into radio-frequency ranges and can
penetrate the earth to a considerable depth. Their prac-
tical application is based on the premise that all materials
have characteristic signatures at different wavelengths.
Most of the early development took place in the military
sphere and the results were not generally available in the
early 1970s.

Geophysical methods. Geophysical exploration makes
use of variations in the physical properties of earth ma-
terials to explore geologic structures. The most notable
variations in earth materials are related to their density,
magnetism, elasticity, and electrical conductivity; and the
four related major geophysical methods are gravitational,
magnetic, seismic, and electrical. Geophysical methods
find practical application in the search for oil and miner-
als and, in engineering, in building-foundation investiga-
tions. Since geophysical methods are indirect and require
careful interpretation, they are most effective when used
in conjunction with other more direct observations.

The gravity method is based on the fact that the force of
gravity varies from point to point on the surface because
of variations in density of the underlying strata. A varia-
tion between a measured value and the computed normal
value for any point will, therefore, reveal irregularities
in the distribution of mass in the earth’s crust. Gravity
measurements are usually made with a pendulum, a tor-
sion balance, or a gravimeter in which gravity is com-
pared with an elastic spring force.

The law of magnetic attraction is similar to the law of
gravitation and the method of searching for magnetic
anomalies in the earth is similar to the gravitational
method. Some remarkable mineral discoveries have been
made with specially designed airborne magnetometers.
Like gravity measurements, magnetic observations are
subject to wide interpretation and require supplementary
investigation for most uses.

The seismic method of exploration is based on the fact
that shock waves travel through earth materials at speeds
ranging from a few hundred to many thousands of feet
per second, depending upon the elastic properties of the
material, and that precise measurements can be made of
the time required for an induced shock wave to travel be-
tween two or more points (see illustration). The shock
wave is received at a series of detectors placed on the
surface in such a way that a distinction can be made be-
tween reflected (directly returned) waves and refracted
(bent) waves. Depths from the surface to changes in strata
can be estimated from the arrival times of reflected and
refracted waves if the wave velocity in the natural ma-
terials is known. In engineering, the method is particu-
larly useful in estimating the depth of the soil over bed-
rock and in detecting the differences in the subsurface
geology between two boreholes. In oil exploration it is
most useful in searching large areas for promising geolog-
ic structures.

The variations in the electrical properties of soils, rocks,
and minerals are used in a variety of ways to explore be-
neath the surface. Some ore bodies generate natural elec-
trical currents by which they can be detected. The most
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Seismic reflection method for geophysical prospecting. Field
equipment is shown above, seismic wave paths below, and a
seismogram at the right.

common method is to place electrodes in the ground and
measure the resistance between them. The method is use-
ful for detecting the depth of surface soil and rocks, sub-
surface anomalies, water-bearing strata, and other neces-
sary information at large construction sites.

Geochemical prospecting. Geochemistry is concerned
with the distribution and movement of chemical elements
in the earth over long periods of time. Geochemical pros-
pecting involves the systematic measurement of trace
contents of certain elements in natural materials such as
rock, surface materials, vegetation, and water that may
indicate geochemical anomalies or patterns associated
with the presence of ore in the vicinity. Early prospectors
learned to associate various ore bodies with stains or the
colour of the water or even with types of vegetation, but
the large-scale systematic investigation of geochemistry
as a method of prospecting was not begun until the early
1930s. The method has been facilitated by the develop-
ment of rapid and reliable techniques of chemical analy-
sis. It is still in an early stage of use and requires experi-
enced judgment for planning, sampling, and interpreta-
tion of results.

Excavation, boring, and sampling. The indirect meth-
ods of exploration already described, however useful,
cannot prove an oil or mineral deposit or ensure the ade-
quacy of a construction site. They must be followed by
more direct observation of the earth materials. This is

‘usually achieved by boring, though for shallow observa-

tions it is often economical to excavate pits or trenches
to the required depth. Construction excavations are
watched carefully for confirmation of predicted ground
conditions and, if necessary, designs may be changed at
this stage.

The first questions to be settled, whether exploring for
oil or evaluating a building site, are the number, type,
and depth of borings. These decisions are largely depen-
dent on the information gathered by indirect methods.
In exploring for oil or minerals the first boring is aimed
at the supposed deposit. Subsequent borings, if any, are
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dictated by the geological information revealed by the
first. In evaluating a specific construction site, the boring
program depends on the size, value, and type of proposed
construction, the anticipated properties and variability of
the subsurface materials, and the amount of previous ex-
perience in the area. Variations in the program are usu-
ally required as the investigation proceeds.

The principal purpose of borings is to obtain samples of
the ground for examination and testing. In resource ex-
ploration the soil above the bedrock is usually merely a
barrier in the path of exploration. In civil engineering
works, however, it is usually the main object of the in-
vestigation. Consequently, the tools for drilling and sam-
pling are many and varied.

When the main objective is to penetrate the earth, a per-
cussion or churn drill is often used. This consists of a
heavy bit that is alternately raised and dropped to chop
through the soil or rock. The various strata are evaluated
both by the rate of drilling and by the sample cuttings
that are periodically taken. This method is still widely
used for finding water, but for oil it has been replaced by
rotary drilling in which the hole is advanced by a rapidly
rotating bit and the cuttings are removed by a pressure
circulated drilling fluid. For shallow drilling in soils, a
variety of hand- and power-operated augers are used.

It is important to know how well samples required for
engineering evaluation represent the actual subsurface
condition. It is impossible to obtain perfect samples of
soil; the stresses on an element in the ground are changed
by the insertion of the sampler and by the extraction of
the sample, although these effects are minimized by keep-
ing the borehole full of water or mud and by use of in-
geniously designed samplers. The best samples of soft
cohesive soils are obtained in thin-walled piston sam-
plers. The sampler is inserted to the bottom of the bore-
hole with the piston at the lower end; the piston is then
held in place while the thin-walled tube is advanced into
fresh soil. With the piston locked in position at the top
of the tube, the assembly is withdrawn, carrying the sam-
ple with it; the tube is detached, sealed at both ends, and
transported carefully to the laboratory.

It is extremely difficult to obtain good samples of sands
and gravels, because of their poor cohesion. In some
cases the ground has been frozen artificially and cored,
though this is very expensive. Various materials have
been injected into sands and gravels to stabilize them for
sampling, but this involves the complication of removing
the injection material. Some recent experiments with
chemical grouts (mortars) have been successful.

Strangely, rock is often the most difficult material to
sample for engineering purposes, partly because of the
difficulty of drilling. The first modern diamond core drill
was built in 1862 by a Swiss engineer. It is standard
equipment for mining and engineering exploration. Diffi-
culties arise, not with the ability to obtain good cores
from sound rock, but with the problem of identifying
joints, fissures, and other defects in the rock. These are
the features that control the engineering design, and not
only may they be missed but the soundness of the core
recovered may give a misleading impression of the mass.

On-site testing. The limitations of sampling and labo-
ratory testing have led to the development of many tools
for assessing the structural properties of soils on-site. The
simplest test is to observe the effort required to drive or
push a rod into the soil, but this reveals very little infor-
mation. A widely used dynamic method, called the stan-
dard penetration test, measures the number of blows ap-
plied in a standard manner to a standard sampler to cause
a penetration of a certain depth. The results of such tests
have been correlated with the properties of many soils.
This method has the advantage that a sample of the soil
is obtained at the same time. A European method in-
volves using a standard size cone on the end of a string of
drill rods. Such dynamic penetration tests are useful only
for evaluating coarse granular soils. Static penetration
tests are used for fine-grained cohesive soils. Of these the
“Dutch cone” is the best known. It is similar to the dy-
namic cone, but it is pushed slowly into the soil at a con-
stant rate and the resistance to penetration is measured.
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Another method of measuring soil strength employs a
‘“yane borer.” Though various designs are available, this
device is essentially a four-bladed vane attached to the
bottom of a rod. The assembly is pushed into the soil and
then rotated slowly, causing the soil to shear along a
cylindrical surface. The shearing resistance is computed
from the measured torque (twist) required.

A fairly recent device, the pressure meter, is a flexible
cylindrical bag that can be inserted into a borehole and
expanded under increasing pressure. The degree of de-
formation of the material surrounding the borehole for a
given amount of pressure is used to compute the struc-
tural properties of the material. Though used in all soils
and rocks, it is especially usefui for those that cannot be
properly sampled.

Miniature geophysical tools have been developed to pro-
vide measurements of electrical and nuclear properties of
earth materials. One of the most useful devices for evalu-
ation in place is the borehole camera, a specially de-
signed instrument that is lowered down small-diameter
boreholes to take photographs through 360 degrees at
any level. These devices can be hooked up to closed-cir-
cuit television for continuous viewing. They are espe-
cially useful in studying boreholes in defective rock.

Sampling of permafrost and ice. Exploration in per-
mafrost regions is complicated by their remoteness and
the frozen ground. Aerial photographs and other indirect
exploration methods are significant in these regions be-
cause they are usually so far from easy transport. For
many engineering purposes, however, because it is neces-
sary to know how much ice is in the soil, samples must
be obtained.

For shallow sampling, test pits are commonly dug, espe-
cially in stony soils or gravel. If these are excavated by
hand during summer, natural thawing may aid the opera-
tion. The use of jackhammers to depths of .20 or 30 feet
(6 to 9 metres) is now more common. Core drilling of
stony material is extremely difficult, but it is quite suc-
cessful for frozen fine-grained soils. Photographs record
ice contents of fresh core samples because preservation
in frozen condition is often difficult. Methods of diamond
core drilling of rock are used for coring frozen soils; wa-
ter, air, or oil is employed as the drilling fluid. Special
precautions must be taken to prevent thawing of the core;
drilling is usually continued without interruption to pre-
vent “freezing-in” of the drill or caving of the hole.

Drilling for oil through permafrost introduces the prob-

lem of surface thawing and settlement due to melting ice.’

The warm drilling fluid from depth not only thaws the
ground around the hole but, unless it is carefully con-
trolled, can cause the whole area around the huge drill
rig to deteriorate. In some cases the footings for the rigs
have been underlain by refrigerated pipes to preserve the
permafrost.

Special coring tools have been developed for taking ice
samples. One of these consists of a perforated tube with
saw teeth around the lower end. Samples to relatively
shallow depths in glaciers have been easily obtained with
this device. Samples to depths greater than 1,000 feet

-300 metres) have been obtained in Antarctica, using a

rotary well-drilling rig with compressed air as the drilling
fluid. If samples are not required, a boring can be ad-
vanced by a thermal drill, an electrical resistance ele-
ment on the end of a rod. Drilling of ice covers on lakes
and rivers can be accomplished with a variety of hand- or
machine-powered auger drills or core augers. Light-
weight equipment is normally not as important as it is
for the drilling of glaciers far from access routes.

Underwater exploration. Until recently, only very
crude data about the depths of seawater and the charac-
ter of the sea bottom were available (see also UNDERSEA
EXPLORATION). Observations of the British “Challenger”
expedition from 1872 to 1876 provided the first sound-
ings and samples from the ocean bottom, but these were
too infrequent to provide a serious picture. The develop-
ment of echo-sounding devices in the early 1920s showed,
for the first time, the actual irregularities of the seabed,
and only since World War II has enough information
been gathered to provide reliable ocean-floor maps.

Seismic methods are among the most useful for deter-
mining the structure and thickness of the earth’s crust
beneath the sea. These involve the measurement of the
rate of propagation of sonic energy from an artificial
source to a series of hydrophones (pressure detectors)
suspended from buoys or enclosed in cables. The mea-
surements are made at depths below the influence of
wave action and as far as possible from ship noise. The
development of underwater sparking and similar devices
as controlled sound sources has led to the use of con-
tinnous seismic-reflection techniques for rapid mapping
of the ocean floor.

Mapping is only the first step; cores must be obtained
for further study. Many problems arise in a drilling op-
eration at sea, not the least of which is accurate de-
termination and maintaining of position. In shallow
water the drilling platform can be anchored or even
mounted on legs, but in very deep water the ship must
be manoeuvred to maintain position. A recent develop-
ment is to use a reference system of acoustic beacons
resting on the sea floor. For deep drilling into bottom
sediments a casing must be provided so that the sampler
can be extracted and returned to the same hole, but for
shallow sampling (up to 100 feet or 30 metres) the
sampler can be dropped through the water and retrieved
by a cable. Technology is now available for drilling and
coring successfully in water depths of 20,000 feet (6,000
metres). Conventional rotary drills are used for this pur-
pose.

Scientists believe that the sea is a yet untapped source
of food and energy for the world’s people. Many of its
secrets will be unlocked by the cooperative explorations
under way in the 1970s.
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Explosives

An explosive is any substance or device that can be made
to produce a volume of rapidly expanding gas in an ex-
tremely brief period. There are three fundamental types:
mechanical, nuclear, and chemical. A mechanical explo-
sive is one that depends on a physical reaction, such as
overloading a container with compressed air. Such a de-
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vice has some application in mining, where the release of
gas from chemical explosives may be undesirable, but
otherwise is very little used. A nuclear explosive is one in
which a sustained nuclear reaction can be made to take
place with almost instant rapidity, releasing large
amounts of energy. Experimentation has been carried on
with nuclear explosives for possible petroleum extraction
purposes; for a discussion of this field see PETROLEUM
AND GAS EXTRACTION. Military applications of nuclear
explosives are discussed under NUCLEAR WEAPONS. This
article is concerned with chemical explosives, which ac-
count for virtually all explosive applications in engineer-
ing up to the 1970s.

TYPES OF CHEMICAL EXPLOSIVES

Basically, chemical explosives are of two types: (1) det-
onating, or high, explosives and (2) deflagrating, or low,
explosives. Detonating explosives, such as TNT and dyna-
mite, are characterized by extremely rapid decomposi-
tion and development of high pressure, whereas deflagrat-
ing explosives, such as black and smokeless powders, in-
volve merely fast burning and produce relatively low
pressures. Under certain conditions, such as the use of
large quantities and a high degree of confinement, some
normally deflagrating explosives can be caused to det-
onate.

Detonating explosives are usually subdivided into two
categories, primary and secondary. Primary explosives
detonate by ignition from some source such as flame,
spark, impact, or other means that will produce heat of
sufficient magnitude. Secondary explosives require a det-
onator and, in some cases, a supplementary booster. A
few explosives can be both primary and secondary de-
pending on the conditions of use.

BLACK POWDER

It may never be known with certainty who invented the
first explosive, black powder, which is a mixture of salt-
petre (potassium nitrate), sulfur, and charcoal (carbon).
The consensus is that it originated in China in the 10th
century, but that its use there was almost exclusively in
fireworks and signals. It is possible that the Chinese also
used black powder in bombs for military purposes and
there is written record that, in mid-13th century, they put
it in bamboo tubes to propel stone projectiles.

There is, however, some evidence that the Arabs in-
vented black powder. By about 1300, certainly, they had
developed the first real gun, a bamboo tube reinforced
with iron, which used a charge of black powder to fire an
arrow.

A strong case can also be made that black powder was
discovered by the English medieval scholar Roger Bacon,
who wrote explicit instructions for its preparation in
1242, in the strange form of a Latin anagram, difficult to
decipher. But Bacon read Arabic, and it is possible that
he got his knowledge from Arabic sources.

Some scholars attribute the invention of firearms to an
early 14th-century German monk named Berthold
Schwarz. In any case they are frequently mentioned in
14th-century manuscripts from many countries, and there
is a record of the shipment of guns and powder from
Ghent to England in 1314.

Not until the 17th century was black powder used for
peaceful purposes. There is a doubtful claim that it was
used in mining operations in Germany in 1613, and fairly
authentic evidence that it was employed in the mines of
Schemnitz, Hungary, in 1627. For various reasons, such
as high cost, lack of suitable boring implements, and fear
of roof collapse, the use of black powder in mining did
not spread rapidly, though it was widely accepted by
1700. The first application in civil engineering was in the
Malpas Tunnel of the Canal du Midi in France in 1679.

For 300 years the unvarying composition of black pow-
der has been approximately 75 percent saltpetre (potas-
sium nitrate), 15 percent charcoal, and 10 percent sulfur.
The saltpetre was originally extracted from compost piles
and animal wastes. Deposits found in India provided a
source for many years. During the 1850s tremendous
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quantities of sodium nitrate were discovered in Chile, and
saltpetre was formed by reaction with potassium chloride,
of which there was a plentiful supply.

Chilean nitrate was not at first considered satisfactory
for the manufacture of black powder because it too read-
ily absorbed moisture. Lammot du Pont, an American in-
dustrialist, solved this problem and started making sodi-
um nitrate powder in 1858. It became popular in a short
time because, although it did not produce as high a qual-
ity explosive as potassium nitrate, it was suitable for most
mining and construction applications and was much less
expensive. To distinguish between them, the potassium
nitrate and sodium nitrate versions came to be known as
A and B blasting powder respectively. The A powder con-
tinued in use for special purposes that required its higher
quality, principally for firearms, military devices, and
safety fuses.

Manufacture of black powder. Manufacture of black
powder was accomplished originally by hand methods.
Ingredients were ground together with a mortar and pes-
tle. The next step was to use crushing devices of wood
(wooden stamps), also operated by hand, in wooden or
stone bowls. The stamping process was gradually mech-
anized and, about 1435, the first powder mill driven by
water power was erected near Nuremberg, Germany.

Metallic crushing devices, introduced in the early 1800s,
slowly and steadily replaced the wooden stamp mills.

In the modern process, charcoal and sulfur are placed
in a hollow drum along with heavy steel balls.. As the
drum rotates, the steel balls pulverize the contents; this
device is called a ball mill. The saltpetre is crushed sepa-
rately by heavy steel rollers. Next, a mixture of several
hundred pounds of saltpetre, charcoal, and sulfur is
placed in a heavy iron device shaped like a cooking pan.
There it is continuously turned over by devices called
plows, then ground and mixed by two rotating iron
wheels, which weigh from 10 to 12 tons each. The pro-
cess takes several hours; water is added periodically to
keep the mixture moist.

The product of the mills is next put through wooden
rolls to break up the larger lumps and is then formed in-
to cakes under 3,000—4,000 pounds per square inch pres-
sure. Coarse-toothed rolls crack the cakes into manage-
able pieces and the corning mill, which contains rolls of
several different dimensions, reduces them to the sizes
desired.

Glazing (the next operation) consists of tumbling the
grains for several hours in large wooden cylinders, dur-
ing which friction rounds off the corners, and, aided by
forced air circulation, brings the powder to a specified
moisture content. The term glazing derives from the fact
that graphite is added during this process, forming a thin
film over the individual powder grains. Glazed powder
flows more readily than unglazed powder and is more
moisture resistant.

After glazing the powder is graded by sieves into differ-
ent sizes. Packaging is usually in 25-pound (11-kilogram)
kegs.

Because the burning of black powder is a surface phe-
nomenon, a fine granulation burns faster than a coarse
one. Grain sizes are designated as F, 2F, etc., up to 7F,
which is the finest, and from C-up as the grains become
larger. For the A powder the letter indicating the fine-
ness becomes 3FA, etc., and if the powder is glazed, this
is followed by the letter g; e.g., 3FAg. For many years
the B blasting material was offered in pellet as well as
granular form. Four pellets, each two inches (five centi-
metres) in length and from 118 to 2% inches (2.75 to
6.25 centimetres) in diameter, were packed in waxed
paper cartridges. Each pellet had a hole through its centre
to accommodate a safety fuse or an electric device used
to ignite the powder. Pelleted powder was used almost
entirely in underground coal mines, but federal regula-
tions now prohibit both it and the granular type.

Ignition of black powder. Black powder is relatively
insensitive to shock and friction and must be ignited by
flame or heat. In the early days such devices as torches,
glowing tinder, and heated iron rods were used to ignite
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the powder and, in most cases, a train of the powder was
led to the main charge in order to give the firer time to
get to a safe place.

In cannons a small touchhole was drilled into the breech
and filled with fine powder. Ignition was usually by means
of a slow-burning punk. The same principle was em-
ployed in flintlock muskets and rifles except that ignition
resulted from sparks produced by contact between flint
and steel.

Percussion methods of firing guns have long been in
universal use. In the most common procedure, pulling the
trigger releases a hammer, which strikes an impact-sensi-
tive explosive mixture. This explosion then ignites the
black powder or other powder charge.

Some black powder is still used as the propellant in guns
in spite of the superiority of smokeless powder. Besides
antique gun experts, who employ it mostly with hand-
loaded shells and cartridges, hunters in South and Cen-
tral America still use guns that require black powder.

In mining, a succession of crude means for ignition
(fuses) included straws filled with pulverized black pow-
der, reeds in which the pith was scooped out and re-
placed with a paste of powder and water (later bound
with string and dried), or powder paste spread on wool
threads. All of these fuses were ignited either by a piece
of wool yarn impregnated with sulfur, called a sulfur
mannikin, or some equivalent slow-burning device. A
later, and extremely popular, type of fuse was formed of
goose quills. The quills were cut so that they could be
inserted one into the other and then filled with powder.
Quill fuses could be ignited directly, that is, without any
delaying element such as the sulfur mannikin. Unfortu-
nately, their reliability was not high, and they often
burned erratically.

Safety fuse. A major contributor to progress in the use
of explosives was William Bickford, a leather merchant
who lived in the tin-mining district of Cornwall, England.
Familiar with the frequency of accidents in the mines and
the fact that many of them were caused by deficiencies
inherent in the quill fuse, Bickford sought to devise an
improvement. In 1831 he conceived the safety fuse: a
core of black powder tightly wrapped in textiles, one of
the most important of which was jute yarn. The present-
day version is not very different from the original model.
The cord is coated with a waterproofing agent, such as
asphalt, and is covered with either textile or plastic.

The safety fuse provided a dependable means for con-
veying flame to the charge. Its timing (the time required
for a given length to burn) was amazingly accurate and
consistent, compared to that of its predecessors, and it
was much better from the standpoints of resistance to
water and abuse.

Underground coal mining was formerly by far the larg-
est consumer of black powder. From a performance
standpoint, it is probably the best explosive for that pur-
pose. Its relatively gentle, heaving action gives a high
yield of lump and leaves the coal in good position for
rapid loading. Before the advent of oil, gas, and electric
heating and cooking, coal was produced in tremendous
quantities for household use and lump demanded a pre-
mium price. But black powder has a dangerous tendency
to ignite coal gas (mostly methane) and coal dust, and
many mine explosions occurred. Around 1880 several
European governments, seeking to develop safer substi-
tutes for black powder, set up testing stations. Similar
action was taken in the United States a few years later.
The result was a series of special dynamites approved for
use in gassy and dusty coal mines when used in the
specified manner. Their blasting action was not as good
as that of black powder, but they were very much safer.
These dynamites are discussed below.

The use of black powder in underground coal mines is
no longer allowed in most countries. As a result, black
powder production has decreased tremendously. Further,
black powder is now more expensive than dynamite and
is used only for special purposes. There is, for example,

.no substitute for black powder in certain military applica-

tions and nothing equal to it has yet been found for the

manufacture of safety fuse. The fact that black powder
is relatively nonshattering is of value in blasting certain
types of stone.

NITROGLYCERIN

Nitroglycerin, another chemical explosive, was discov-
ered by an Italian chemist, Ascanio Sobrero, in 1846.
Though he first called it pyroglycerin, it soon came to be
known generally as nitroglycerin, or blasting oil. Because
of the risks inherent in its manufacture and the lack of
dependable means for its detonation, nitroglycerin was
largely a laboratory curiosity until Immanuel Nobel and
his son Alfred made extensive studies of its commercial
potential in the years 1859-61. In 1862 they built a crude
plant at Heleneborg, Sweden; Alfred, a chemist, was
basically responsible for the design of this factory that
was efficient and relatively safe considering the state of
knowledge of the times. Nevertheless, it exploded in 1864
and killed, among others, Alfred’s youngest brother Emil
Oskar. Though deeply affected by the accident, Alfred
continued work, at first on a barge that he moored in the
middle of a lake. In 1865 he erected a plant at Kriimmel,
Germany, and another in Sweden at Vinterviken near
Stockholm. A third plant was built a year later in Nor-
way. Nobel was granted a patent for the manufacture
and use of nitroglycerin in the United States, in 1866, and
since importation on a large scale was impractical, he
visited the United States in an effort to interest local
capital. The victim of a number of unscrupulous business-
men, he finally sold his American holdings in 1885 for
only $20,000.

Even today most experts regard Nobel’s invention of
the blasting cap, a device for detonating explosives, in
1865, as the greatest advance in the science of explosives
since the discovery of black powder. Combined with
Bickford’s safety fuse, the blasting cap provided a de-
pendable means for detonating nitroglycerin and the
many other high explosives that followed it. After a num-
ber of attempts that were only partially successful, Nobel
settled on a charge of mercury fulminate, which had been
known for many years, in a copper capsule. With one or
two minor changes, this blasting cap remained in general
use until the 1920s.

DYNAMITE

The second most important of Nobel’s inventions was
dynamite, in 1867. He coined the name from the Greek
dynamis, “power.” The basis for the invention was his
discovery that kieselguhr, a porous siliceous earth, would
absorb large quantities of nitroglycerin, giving a product
that was much safer to handle and easier to use than
nitroglycerin alone.

Dynamite No. 1, as Nobel called it, was 75 percent
nitroglycerin and 25 percent guhr. Shortly after its in-
vention, Nobel realized that guhr, an inert substance, not
only contributed nothing to the power of the explosive
but actually detracted from it because it absorbed heat
that otherwise would have improved the blasting action.
He turned, therefore, to active ingredients such as wood
pulp for an absorbent, and sodium nitrate for an oxidiz-
ing agent. By varying the ratio of nitroglycerin to these
“dopes,” as they came to be called, Nobel not only im-
proved the efficiency of dynamite but also was able to
prepare it in varying strengths, termed straight dyna-
mites. Thus 40 percent straight dynamite contained 40
percent nitroglycerin and 60 percent dope. Dynamites of
this type are still in limited use.

Nobel patented the use of active ingredients in dynamite
in 1869. Several others obtained similar patents at about
the same time, however, and the result was that no one
could establish a clear-cut claim to the invention.

Nobel’s next outstanding contribution was his invention
of gelatinous dynamites in 1875. There is a legend that
he hurt a finger and used collodion, a solution of rela-
tively low nitrogen content nitrocellulose in a mixture
of ether and alcohol, to cover the wound. Later, unable
to sleep because of the pain, Nobel went to the labora-
tory to find out what effect collodion would have on ni-
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troglycerin. To his great satisfaction, he found that after
evaporation of the solvents, there remained a tough, plas-
tic material. He discovered that he could duplicate this by
the direct addition of 7 to 8 percent of collodion-type
nitrocotton to nitroglycerin and that lesser quantities of
nitrocotton decreased the viscosity and enabled him to
add other active ingredients. He called the original ma-
terial blasting gelatin and the dope mixtures gelatin dy-
namites. The principal advantages of these products were
their high water resistance and greater blasting action
power than the comparable dynamites. This added power
resulted from a combination of higher density and a de-
gree of plasticity that allowed complete filling of the
borehole (the hole that was bored in the coal seam or
elsewhere for implantation of the explosive).

The first large-scale manufacture of nitroglycerin in the
United States is attributed to George Mowbray, a chemist
of considerable ability who had followed the work of
Sobrero and others in Europe with great interest. Mow-
bray published an advertisement offering to supply nitro-
glycerin. This led to an invitation to manufacture it for
completion of the Hoosac Tunnel at North Adams, Mas-
sachusetts. Mowbray’s plant was built near North Adams
in the latter part of 1867. Most of its product went to the
tunnel, but a substantial amount was shipped, frozen,
throughout the eastern United States and Canada. Pure
nitroglycerin, relatively insensitive in- frozen form,
freezes at about 52° F (11° C) and is, therefore, easy to
keep frozen by packing it in ice. Before closing his plant
down because of patent difficulties, Mowbray made
about 1,000,000 pounds of nitroglycerin without acci-
dents in either manufacture or shipment.

One of the earliest major uses of nitroglycerin in the
United States was in blasting oil wells to increase the flow
of oil. E.A.L. Roberts in that country obtained a patent
covering this procedure and later acquired the right to
manufacture and use nitroglycerin under the Nobel pat-
ents. Theoretically, this gave him a monopoly on shoot-
ing oil wells, and his company dominated the field, but
many of his competitors ignored his patent rights.

After 1883 the use of nitroglycerin was, with a few un-
important exceptions, restricted to oil-well shooting. In
recent years more efficient means have been developed
for increasing oil flow. Nitroglycerin is still used occa-
sionally because it is more economical in small wells.

Three tunnels stand out as benchmarks in the history of
the use of explosives: first is Mont Cenis, a seven-mile
railway tunnel driven through the Alps between France
and Italy in 1857-71, much the largest construction job
with black powder up to that time; second was the four-
mile Hoosac, also a railway project, during the construc-
tion of which (1855-66) nitroglycerin first replaced black
powder in large-scale construction; third was the Sutro
mine development tunnel in Nevada (1864-74) where
the switch from nitroglycerin to dynamite for this type of
work started.

Ammonium nitrate. After the straight dynamites and
gelatins, the next important advance in dynamite was the
substitution of ammonium nitrate for part of the nitro-
glycerin to give a safer and less expensive product. The
use of ammonium nitrate in explosives had been patented
by others in Sweden in 1867, but it was Nobel who made
the new “extra dynamites” successful by devising gelatins
that contained from 20 to 60 percent ammonium nitrate.

During the period 1867-84, many people worked to de-
velop nongelatinous ammonium nitrate mixtures, but
nothing of value resulted, largely because ammonium ni-
trate is too hygroscopic; that is, it picks up moisture too
readily. In 1885 R.S. Penniman, an American, found a
solution to the problem by coating the ammonium nitrate
with a small percentage of paraffin, or some similar sub-
stance, prior to use. With this development, a series of
ammonia dynamites soon became popular. Coating was
discontinued when other, safer means were developed to
handle the moisture problem.

All major underground-coal-mining countries have sim-
ilar explosives and regulations. In the United States ex-
plosives that have been approved by the U.S. Bureau of
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Mines for use in underground coal mines are called per-
missibles. Besides passing the Bureau’s safety tests, these
explosives must be used in a manner specified by the
Bureau. In England the explosives are known as per-
mitted; in France, explosifs antigrisouteux; in Belgium,
explosifs S. G. P. (sécurité, grisou, poussiére), and in Ger-
many, schlagwettersichere Sprengstoffe. Almost without
exception, the major ingredient in these explosives is am-
monium nitrate, chosen because of its low explosion tem-
perature, and nearly all of them contain a cooling agent
such as sodium chloride (common salt) or ammonium
chloride to prevent the heat of their explosion in a mine
from igniting underground gases such as methane, or a
combination of them and coal dust, and causing a fire or
disastrous secondary explosion. The sensitizer is usually
a small amount of nitroglycerin but in some cases it is
TNT, trinitrotoluene (discussed later); for. example, it is
said that a typical Russian permissible would be 68 per-
cent ammonium nitrate, 10 TNT, 20 sodium chloride, and
2 powdered bark.

As synthetic ammonia became less expensive, because
of improvements in manufacture and a raw material
change from coal to natural gas, the explosives industry
concentrated its efforts on substituting ammonium nitrate
for nitroglycerin. Two important products were (1) low-
density ammonia dynamites and (2) semigelatins. Prior
to. their development, the density of most dynamites was
about the same and was quite high. Strength was changed
in the different grades by varying the amount of explo-
sives used. The new concept was to employ the strongest
formula possible, with a minimum of nitroglycerin and a
maximum of ammonium nitrate, and to dilute it system-
atically with suitable low-density ingredients such as
bagasse (the pulp remaining after extraction of sugar
from the cane) so that one stick of the new product would
give the same blasting action as one of the old. This pro-
vided a substantial saving to the user because the cost per
stick of the new product was much lower.

The only difference between the low-density ammonia
dynamites and the semigelatins is that the latter are par-
tially gelatinized through the use of nitrocellulose and a
higher nitroglycerin content. This gelatinization provides
good water resistance and a degree of plasticity that is
desirable in loading holes prior to blasting.

Means are available to obtain a moderate amount of
water resistance in the ammonia dynamites without re-
sorting to gelatinization of the nitroglycerin. The most
common involve the use of water-repellents such as cal-
cium stearate, and ingredients that form a water gel on
the surface of the dynamite that slows down the further
penetration of water. Examples of the latter are pregel-
atinized starch products and rye flour.

Low-freezing dynamite. Attempts to reduce the freez-
ing point of nitroglycerin began shortly after the Nobels
introduced it commercially. Frozen dynamite is very in-
sensitive, sometimes so much so that it will not give de-
pendable performance, and it is difficult to use, since it
cannot be punched for the insertion of a blasting cap or
slit and tamped into a borehole. Consequently, almost all
of it had to be thawed for use and careless thawing meth-
ods caused many accidents. Not until 1907 was a reason-
ably successful procedure for producing low-freezing dy-
namite developed. This involved adding 20 to 25 percent
of the liquid isomers (molecules with identical formulas
but different structure) of TNT to the nitroglycerin. This
was replaced for a short time by a nitrated solution of
sugar in glycerin. In 1911 a practical way to manufacture
diglycerin (a glycerin polymer) was discovered. Its nitra-
tion product, tetranitrodiglycerin, when mixed with nitro-
glycerin, reduced its freezing point materially.

The ultimate solution to the freezing problem was
found in 1925, when synthetic ethylene glycol became
available. The explosive properties of ethylene glycol di-
nitrate are practically identical with those of nitroglycer-
in and its low-freezing qualities are extremely good. Dy-
namite containing a mixture of it and nitroglycerin was
stored in the open at Point Barrow, Alaska, for four
years without freezing.
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OTHER EXPLOSIVES

Chlorates and perchlorates. Interest in the chlorates
and perchlorates (salts of chloric or perchloric acid) as a
base for explosives dates back to 1788. They were mixed
with various solid and liquid fuels. Many plants were
built in Furope and the United States for the manufac-
ture of this type of explosive, mostly using potassium
chlorate, but so far as can be determined, all of them
either blew up or burned up, and no chlorate explosives
have been manufactured for many years.

Sprengel explosives. In England in 1871, Hermann
Sprengel patented combinations of oxidizing agents such
as chlorates, nitrates, and nitric acid with combustible
substances such as nitronaphthalene, benzene, and nitro-
benzene. These differed from previous explosives in that
one of the ingredients was liquid and the mixture was
made just prior to use. Sprengel explosives were quite
popular in Europe but consumption in the United States
was relatively small except for the spectacular Hell Gate
blast in New York harbour in 1885, in which a com-
bination of 75,000 pounds of No. 1 dynamite and 240,-
000 pounds of potassium chlorate-nitrobenzene were
used to remove “Flood Rock,” a menace to navigation.
Cloth bags of the chlorate were soaked in the nitroben-
zene and loaded directly from the soaking tank into the
boreholes. The mixture was called Rack-a-rock.

Liquid oxygen explosives. In 1895 the German Carl
von Linde (1842-1934) introduced carbon black packed
in porous bags and dipped in liquid oxygen. This, which
was a Sprengel-type explosive, came to be known as LOX.
Because of the shortage of nitrates, Lox was widely used
in Germany during World War 1. Little if any was used
in World War II, however, because ample supplies of ni-
trates could be obtained from synthetic ammonia.

Because the manufacture of liquid oxygen requires com-
plicated and expensive equipment, the use of LOX was
limited to areas that could consume very large quantities.
In the United States several of the tremendous strip coal
mines in the Midwest met this requirement. Maximum
consumption of Lox explosive was 22,465,000 pounds in
1953, but it fell to zero in 1968. Cheap as LOX is, it can-
not compete with ammonium nitrate—fuel oil mixtures.

Nitrostarch explosives. Nitrostarch, which is closely
related to nitrocellulose, attracted early attention, but it
was not until about 1905 that it proved possible to pro-
duce it in a stable form. In general nitrostarch explosives
are similar to the straight and ammonia dynamites ex-
cept that nitrostarch is used in place of nitroglycerin. Dis-
advantages are its relatively low strength, mediocre wa-
ter resistance, and the fact that it cannot be transformed
into gelatinous products. Nitrostarch explosives, how-
ever, do not produce the headaches from skin contact
that are characteristic of mixtures containing nitroglyc-
erin. For that reason they are still marketed.

Nitramon and Nitramex explosives. An important ad-
vance in explosives technology was the development by
du Pont in 1934 of Nitramon, a canned product with a
typical formula of 92 percent ammonium nitrate, 4 per-
cent dinitrotoluene, and 4 percent paraffin wax. Some
grades contain metallic ingredients such as aluminum and
ferrosilicon. Nitramon is insensitive to the action of a
line of detonating cord, a commercial blasting cap, shock
and friction, or the impact of small-calibre ammunition.
A large primer is required for its detonation and the one
normally used is known as a Nitramon primer. This is
also a canned product with Nitramon at each end but a
centre section of amatol that can be detonated by either
detonating cord or a blasting cap. The cans are provided
in varying sizes. A minimum diameter of four inches for
regular Nitramon is necessary to insure proper explosive
effect if individual cans in a column become separated by
some material such as a rock. Special grades are made for
use in seismic exploration for gas and oil in 2- and 2%2-
inch diameters. In this case, however, the cans are
threaded and intimate contact is assured because the
column is screwed together.

Nitramex is similar to Nitramon but is much stronger
because it contains TNT and a metallic ingredient such as

aluminum. Both it and Nitramon have been largely re-
placed by the water gels, which are described later.

So far as is known, the largest commercial, non-nuclear
blast was made on April 5, 1958, in Seymour Narrows,
which lies between Vancouver Island and the mainland
of British Columbia. The object of the blast was to re-
move the top of a submerged twin-peak mountain, known
as Ripple Rock, which was only 9 feet below the surface
at low tide. More than 120 vessels had been lost because
of this obstacle. In preparing for the blast, a shaft was
sunk on shore to the proper depth. From it a tunnel was
driven to a point directly under the twin peaks, from
which a vertical shaft finally was driven to the desired
depth below the peaks. A series of small horizontal drifts
and pockets was prepared for placement of the explo-
sives, consisting of 2,756,000 pounds (1,253,000 Kkilo-
grams) of Nitramex 2H and a special primer, fired by
means of detonating cord.

After the blast the top of the rock was a minimum of
50 feet below the surface and no longer a menace to nav-
igation.

MODERN HIGH EXPLOSIVES

The year 1955, marking the beginning of the most revolu-
tionary change in the explosives industry since the inven-
tion of dynamite, saw the development of ammonium ni-
trate—fuel oil mixtures (ANFO) and ammonium nitrate-
base water gels, which together now account for at least
70 percent of the high explosives consumption in the
United States. The technology of these products is far
more advanced in the U.S. than it is in other countries;
so, at the present time, they have not replaced nearly as
much of the older explosives in the rest of the world. In
addition to a variety of packages, both ANFO and water
gels are delivered in bulk by special trucks and loaded
directly into boreholes. i

Ammonium nitrate-fuel oil mixtures. In 1955 it was
discovered that mixtures of ammonium nitrate and fine
coal dust would give very satisfactory blasting results in
the large (about 9-inch, 22.5-centimetre) holes used in
open-pit coal mines to remove the rock and soil covering
the coal. Polyethylene bags for this material both
stretched to fill the holes and provided a moderate
amount of water resistance.

Shortly thereafter, ANFO was extensively evaluated in
the open-pit iron mines of Canada and the United States,
with a high degree of success.. From there ANFo spread to
other open pits, such as copper, and to construction work
such as road building and pipeline installation. It was
then found that the mixture could be air blown into holes
two inches (5 centimetres) in diameter, or even smaller,
with excellent results. This led to its adoption in many
underground mines.

ANFO applications were based on prilled rather than
crystallized ammonium nitrate. Prills, or free-flowing pel-
lets, were developed for the fertilizer market, which re-
quires a coarse product that has little tendency to set and
can be spread easily and smoothly. A small amount of
kieselguhr is generally added to improve the flowing
properties. Prills are made by allowing droplets of am-
monium nitrate that is almost molten to fall freely from
a high tower. When they reach the bottom, they are dry
and solidified, and slightly porous, which allows them to
absorb and hold a greater amount of oil and gives a more
sensitive product. ANFO is almost universally prepared by
mixing 94 percent of prills with 6 percent of No. 2 fuel
oil. The latter imparts some water resistance and, if that
is not enough, polyethylene bags can often be used to
give the necessary protection.

Water gels. Water gels, or slurries, were introduced in
1958. These were, at first, mixtures of ammonium nitrate,
TNT, water, and gelatinizing agents, usually guar gum
and a cross-linking agent such as borax. (Cross-linking is
a form of chemical bonding.) Later, aluminum and other
metallic fuels were sometimes used and vastly better gela-
tinizers were discovered. In addition nonexplosive sen-
sitizers were developed that could replace the TNT if
desired. When the highest possible concentration of
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strength is needed, however, large quantities of TNT are
still used.

Water gels have many advantages. Among them are a
high concentration of strength, a high degree of water
resistance, plasticity that permits them to displace air or
water and completely fill the borehole, economy, ease of
handling and loading, and good safety characteristics.
These advantages were quickly recognized. In 1968 the
consumption of water gels in the United States alone was
206,000,000 pounds, over 10 percent of all the industrial
explosives used there.

NITROCELLULOSIC EXPLOSIVES

When Christian Schoenbein invented nitrocotton (gun-
cotton) in 1845 by dipping cotton in a mixture of nitric
and sulfuric acids and then removing the acids by wash-
ing with water, he hoped to obtain a propellant for mil-
itary weapons. It proved, however, to be too fast and
violent. About 1860 Maj. E. Schultze of the Prussian
Army produced a useful nitrocellulosic propellant. He
nitrated small pieces of wood by placing them in nitric
acid and then, after removing the acid, impregnated the
pieces with barium and potassium nitrates. The purpose
of the latter was to provide oxygen to burn the incom-
pletely nitrated wood. Schultze’s powder was highly suc-
cessful in shotguns but was too fast for cannon or even
most rifles. )

In 1884 a French chemist, Paul Vieille, made the first
smokeless powder as it is now known. He partially dis-
solved nitrocellulose in a mixture of ether and alcohol
until it became a gelatinous mass, which he rolled into
sheets and then cut into flakes. When the solvent evapo-
rated, it left a hard, dense material resembling horn. This
product gave satisfactory results in all types of guns.

In 1887 Nobel introduced another of his revolutionary
inventions, which he called Ballistite. He mixed 40 per-
cent of a lower nitrogen content, more soluble nitrocel-
lulose and 60 percent of nitroglycerin. Cut into flakes,
this made an excellent propellant and it continued in use
for over 75 years. The British refused to recognize No-
bel’s patent and developed a number of similar products
under the generic name cordite.

The progress of smokeless powder in the United States
was much slower than it was in Europe. Long-continued
work, principally by E.I. du Pont de Nemours & Com-
pany, finally resulted in a material that was excellent for
guns of all types and sizes. It was first marketed about
1909 and was the most important type of smokeless pow-
der used by the Allies in World War I. It was made from
a nitrocotton of relatively low nitrogen content, called
pyrocellulose, because that type is quite soluble in ether—
alcohol. A small amount of diphenylamine was used as a
stabilizer and, after forming the grains and removing the
liquid, a coating of graphite was added. The smokeless
powder most widely used in the United States at the pre-
sent time is much the same. Other popular types are
mostly double-base and may contain from about 20 to
35 percent nitroglycerin. Cotton linters for nitration
have been almost, if not entirely, replaced by purified
wood cellulose.

BLASTING CAPS
Nobel’s original fuse-type blasting cap remained virtually
unchanged for many years, except for the substitution of
90-10 and 8020 mixtures of mercury fulminate and po-
tassium chlorate for the pure fulminate. This did not af-
fect the performance materially and provided a substan-
tial economy. Mercury fulminate is an example of an ex-
plosive that can be both primary and secondary. In its
more compressed form it is a high density base charge;
less compressed, a low density primer charge. Hexanitro-
mannitol (nitromannite) functions in the same manner
and is used that way in a very successful blasting cap.
Extensive work was carried out on replacements for the
costly mercury fulminate; by 1930 very little of it re-
mained in use, and by the 1970s it had disappeared from
commercial use. Experience has shown that the cheaper
replacements are actually superior.
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The dominant base-charge materials are now pentaery-
thritol tetranitrate (PETN) and cyclotrimethylenetrinitra-
mine (RDX). These are as strong -as nitroglycerin, quite
safe to manufacture and handle, and relatively inexpen-
sive. In addition to low density nitromannite, diazodini-
trophenol, lead styphnate, and lead azide are widely used
as ignition-primer charges. One other departure from
Nobel’s blasting cap is the fact that aluminum has now
almost entirely replaced copper as the material used for
the shell.

Electrical firing. The principal advantages of electric
over fuse firing are exact control of the time when the
blast is initiated, the simultaneous firing of a number of
shots, if that is desired, and the ability to obtain a very
high degree of water resistance. Attempts to make elec-
tric blasting caps date back to the 1700s, but nothing of a
really practical nature was developed until late in the
19th century. There were two separate problems, the cap
and the means to fire it.

Blasting machines. The first satisfactory electrical
blasting machine was invented by H. Julius Smith, an
American, in 1878. It comprised a gear-type arrangement
of rack bar and pinion that operated an armature to gen-
erate electricity. When the rack bar was pushed down
rapidly, it revolved the pinion and armature with suffi-
cient speed to obtain the desired current. This current
was released into the external, or cap, circuit when the
rack bar struck a brass spring in the bottom of the ma-
chine. Smith’s blasting machine was improved and made
in a range of capacities; also, a small twist-type machine
that employed basically the same principles was intro-
duced. These machines are still in widespread use, al-
though they have been replaced to a considerable extent
by power firing, and capacitor-discharge blasting ma-
chines. The latter have a battery power source for ener-
gizing one or more capacitors and a safe, dependable
means for discharging the stored energy. They have high
capacity for their weight and size and are rapidly dis-
placing the other firing systems.

Ignition systems. Except for the means of firing, there
is little difference between electric and fuse-type blasting
caps. With minor variations, the explosives used are the
same.

It was in the 1880s that the forerunner of the modern
electric blasting cap was first assembled. In contrast to
the spark-type ignitions previously used, it employed a
fine, high-resistance wire soldered between two insulated
leg wires and embedded in, or coated with, an ignition
mixture. The resistance wire was either platinum or one
of its alloys, and the ignition mixture was based on mer-
cury fulminate. The leg wires were insulated with two
layers of cotton thread, wound in opposite directions. Ex-
cept for coal-mine caps, the wire was then run through a
bath of molten asphalt. Paraffin wax was used for the
coal-mine caps because its white colour provided good
contrast with the black coal. Sulfur, or a mixture of sul-
fur and mica or graphite, was used to hold the leg wires
in place and seal the cap. Sulfur was well suited for this
purpose because its melting point is very low and it is
compatible with the explosive ingredients. Later, to ob-
tain better water resistance, part of the sulfur was re-
placed by asphalt.

In 1939 the du Pont company introduced a revolution-
ary new type of ignition system. Nylon plastic was sub-
stituted for the cotton insulation, a rubber plug to hold
the leg wires replaced the sulfur plug, and the bridge wire
was welded to the leg wires instead of soldered. By that
time alloys such as nichrome had largely replaced the
platinum bridge wires. The shell was crimped tightly to
the rubber plug, with the result that the cap would stand
as much as 1,000 feet of water pressure. All electric blast-
ing caps are now made substantially in this way. Poly-
vinyl chloride is widely used for the leg wire insulation
and plastic is sometimes substituted for rubber in the
plug.

Match-head ignition is very popular in Europe and is
used by one manufacturer in this country. This consists
of a piece of cardboard with a thin sheet of metal glued
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to each side. A bridge wire is soldered to these sheets,
around the end of the cardboard, and this part of the as-
sembly is dipped in a slurry of ignition mixture, usually
based on copper acetylide. After drying, the match head
is given a protective coating and is then soldered to the
leg wires.

Most countries require explosives in underground coal
mines to be fired electrically but prohibit the use of alu-
minum-shell electric blasting caps. This is because alu-
minum burns with a very hot flame and is much more
likely than copper to ignite coal gas. Otherwise, almost
all electric blasting-cap shells are made of aluminum.

Delay systems. Delay, or rotational, shooting, has
many advaniages over instantaneous firing in almost all
types of blasting. It generally gives better fragmentation,
more efficient use of the explosive, reduced vibration and
concussion, and better control of the rock. For these,
and sometimes other reasons, most blasting operations
are now conducted with a delay system.

It is probable that the first use of delay firing was in
tunnels. The centre was shot out first and then successive
rings around it until the desired tunnel dimensions were
reached. The procedure was to cut all of the fuses to the
same length and then trim them toward the centre; for
example, the outside ring of fuses would be full length,
the next ring a few inches shorter, and so on. Each cut
was about V2 inch per foot of fuse (that is, a 3-inch cut
for a 6-foot fuse, etc.). In addition, the fuses were lit from
the centre out, causing a little more delay in the desired
direction. This method of shooting could not be used un-
til Bickford’s safety fuse, which had a very uniform
burning speed, became available.

Delay electric blasting caps are the most commonly
used means for obtaining rotational firing. They are of
two types: (1) the so-called regular delay, which has been
in use since the early 1900s; and (2) the short-interval, or
millisecond, delay, which was introduced about 1943. Ex-
cept for a delay element placed between the ignition and
primer charges, they are the same as instantaneous elec-
tric caps.

A typical series of regular delays would comprise 14 pe-
riods ranging from a few milliseconds to about 12 sec-
onds. To avoid overlapping and because there is some
variation in the burning speed of the delay element, the
intervals are made longer in the higher periods; for ex-
ample, the delay between periods 1 and 2 might be 0.8
seconds, whereas for 13 and 14 it might be 1.5 seconds.
Ordinary delays have been largely replaced by short-in-
terval delays but are still used to a considerable extent
for such purposes as driving tunnels and sinking shafts.

The periods in short-interval delays are usually sepa-
rated by 25 milliseconds up to 200 milliseconds, by 50 up
to 500, and by 100 up to 1,000 (one second). This close
spacing gives improved fragmentation, the ability to fire
many holes with hardly any more vibration or concussion
than would be obtained with one hole, less chance that
the detonation of one hole will cut. off an adjacent hole,
and a reduction in the quantity and cost of explosives.
Short-interval delays are used above ground in such work
as excavating and quarrying, and for almost all types of
underground mining. Their acceptance has been phenom-
enal and their development one of the major advances in
explosives.

Delay elements for electric blasting caps function in
about the same way as black powder in safety fuse, ex-
cept that the chemical mixtures used are much faster. At
times the delay mixture is simply pressed on top of the
primer mix. Usually, however, it is put in the centre of a
metallic tube in lengths that will give the desired delay
interval.

DETONATING CORD

Detonating cord (detonating fuse) resembles safety fuse
but contains a high explosive instead of black powder.
The first successful one, patented in France in 1908, con-
sisted of a lead tube, about the same diameter as safety
fuse, filled with a core of TNT. It was made by filling a
large tube with molten TNT that was allowed to solidify.

The tube was then passed through successively smaller
rolls until it reached the specified diameter. In France
the product was called cordeau détonant, elsewhere
shortened to cordeau. Its velocity was about 16,000 feet
per second.

In 1936 the Ensign-Bickford Company, Simsbury, Con-
necticut, the American manufacturers of cordeau, de-
veloped Primacord, based on French patents and com-
prising a core of PETN covered with various combinations
of textiles, waterproofing materials, and plastics. The
velocity is approximately 21,000 feet per second. Many
types of Primacord are available, for both military and
commercial use, but the industrial varieties generally con-
tain from 25 io 60 grains of PETN per foot. RDX is some-
times used in place of PETN for high temperatures, be-
cause the melting points are, respectively, 398.3° and
284° F (203.5° and 140° C).

Detonating cord has many applications in blasting. Any
number of holes can be connected with it in just about
any desired pattern. Attached to the blasting charge and
knotted to a trunk line; it is fired by means of either a
fuse-type or electric blasting cap. Sequential shooting
may be obtained by cutting the trunk lines and inserting
delay connectors, which have delay periods ranging from
about 5 to 25 milliseconds.

MILITARY EXPLOSIVES .
Military requirements for high explosives differ in many
respects from those for commercial users. Military ex-
plosives must have insensitivity to shock and friction and
must be unlikely to detonate from small-arms fire and
yet have excellent shattering power. They must have the
ability to withstand long periods of adverse storage with-
out deterioration and must be able to be fired in projec-
tiles or dropped in aerial time bombs without premature
explosion. Some types are required to possess almost un-
limited water resistance. Many types must have complex
fuzes for detonation.

TNT. Trinitrotoluene (TNT) is the most useful military
high explosive. Although it had been known for many
years and was used extensively in the dye industry, it
was not employed as an explosive until 1904. It is an ex-
cellent military explosive in itself, but its most valuable
property is that it can be safely melted and cast either
alone or as a slurry with other explosives. This is because
there is a wide spread between its melting point and its
decomposition temperature.

It has two shortcomings: first, it is extremely insensi-
tive in the cast form, and second, it is difficult to cast
without air holes. The first problem can be overcome by
drilling a hole, about 1 inch (2.5 centimetres) in diameter,
the length of the charge in the shell and filling it with
trinitrophenylmethylnitramine (tetryl); the second, by us-
ing a mixture of 40 percent trinitroxylene (TNX) and 60
percent TNT. This mixture not only casts perfectly but
can be detonated with a smaller tetryl booster. There is
no indication that any TNX was used in World War II; it
is believed to have been replaced by PETN and RDX.

Picric acid and ammonium picrate. Picric acid was
used as a shell explosive in Europe during the. 1880s and
carried through World War I on a very large scale. Quan-
tities of it were made in the United States but the Army
and Navy used mainly TNT.

Ammonium picrate (Explosive D) has exceptional value
as a charge for armour-piercing projectiles. Loaded in a
shell with a suitably insensitive primer, it can be fired
through 12 inches of armour plate and made to detonate
on the far side. These armour-piercing shells were used
in both World Wars.

Early in World War I it was found that mixtures of
molten TNT and ammonium nitrate were almost as effec-
tive for shell loadings as pure TNT.- The mixtures most
commonly used were 80-20 and 50-50 AN and TNT,
known as amatol. Their principal advantages were that
they made the supply of TNT go further and were con-
siderably cheaper. In World War II the amatols were
used in aerial bombs as well as artillery shells.

To conserve TNT in World War I, a nitrostarch-base
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composition was also developed for loading hand gre-
nades and trench-mortar shells.

Several explosives, although previously known, only
came into use during World War II. The most important
of these were RDX, PETN, and ethylenediaminedinitrate
(EpNA), all of which were cast with varying amounts of
TNT, usually 40 to 50 percent, and used where the highest
possible shattering power was desired. For example, cast
60-40 RDX-TNT, called cyclotol, develops a detonation
pressure of about 4,000,000 pounds per square inch. Cor-
responding mixtures of PETN and TNT have almost as
much shattering effect. The EDNA mixtures, or ednatol,
were used only to a limited extent and for special pur-
poses. Probably the most powerful of all nonatomic
military explosives are the cast mixtures containing alu-
minum. The torpedo warhead torpex, for example, is a
cast mixture of RDX, TNT, and aluminum. :

A series of plastic demolition explosives with great shat-
tering power, designated Composition C-1 to Composi-
tion C-4, has had considerable publicity. These contain
about 80 percent RDX combined with a mixture of various
oils, waxes, and plasticizers. The only significant differ-
ence is in the temperature range through which they re-
main useful. C-3 stays plastic to —20° F (—29° C) and
does not exude oil below 120° F (49° C). In contrast, C-4
remains plastic to —70° F (—57° C) and does not leak
below 170° F (77° C).

Shaped charges. The shaped charge, principally the
hand-fired rocket, is another highly publicized product
introduced during World War II. A shaped charge nor-
mally consists of a cone made of metal or glass sur-
rounded by a high strength, high density explosive and
means to obtain the proper standoff, or distance to the
target.

When the explosive is detonated, the cone is collapsed
and vaporized, forming a small, high-temperature jet
containing particles of liner material moving at 10,000
to 30,000 feet per second. This strikes the target with
such heat and force that the target simply flows radially
from the point of impact leaving a deep, nearly round
hole. Spectacular as the results are, only about 15 per-
cent of the explosive energy is focussed.

Only two commercial applications have been found for
shaped charges. One is for drawing off molten iron or
slag from open hearth and blast furnaces in the steel in-
dustry, and the other for perforating casings in the oil
industry. In the first case, the principal advantage is
safety as compared with oxygen lancing. In the second,
shaped charges are almost always more efficient than the
bullets they replace.

OTHER INDUSTRIAL APPLICATIONS

Explosive rivets. Blind rivets are needed when space
limitations make conventional rivets impractical. One
type of these is explosive; it has a hollow space in the
shank containing a small charge of heat-sensitive chemi-
cals. When a suitable amount of heat is applied to the
head, an explosion takes place and expands the rivet
shank tightly into the hole. The shank is normally open
but can be sealed to eliminate noise and the ejection of
metal fragments. Most explosive rivets are aluminum but
they can be obtained in stainless steel and certain other
metals. Their use is mainly in aircraft.

Explosive bonding. Explosives are sometimes used to
bond various metals to each other. For example, when
silver was removed from United States coinage, much
of the so-called sandwich metal that replaced it was ob-
tained by the explosive bonding of large slabs, which
were then rolled down to the required thickness. These
slabs are placed parallél to each other and approximately
Y4 inch apart. An explosive developed especially for the
purpose is placed on the top slab and its detonation slams
the slabs together with such force that they become
welded. Stainless steel is often joined to ordinary steel in
this manner. One especially valuable feature of explosion
cladding is that it can frequently be applied to metal-
lurgically incompatible metals. Examples of this are
aluminum to steel and titanium to steel.

Eyck, Jan and Hubert van 89

Finally, the very fine industrial-type diamonds used for
grinding and polishing are produced by the carefully con-
trolled action of explosives on carbon.

BIBLIOGRAPHY. A.P. VAN GELDER and H. SCHLATTER, His-
tory of the Explosives Industry in America (1927), a highly
detailed book covering the origin and development of all ex-
plosives of any importance throughout the world up to the
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plosives (1958), an advanced mathematical work devoted al-
most exclusively to theory, with a brief, interesting section on
the history of explosives; C.H. JOHANSSON and P.A. PERSSON,
Detonics of High Explosives (1970), an outstanding book de-
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experimental data; E.I. DU PONT DE NEMOURS AND COMPANY,
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for the guidance of the consumer; T.L. DAVIS, The Chemistry
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Eyck, Jan and Hubert van

Two 15th-century painters surnamed van Eyck, presum-
ably after their birthplace in the Belgian village of Maa-
seik, are, respectively, the most renowned and the most
perplexing artists of their era. The life of Jan van Eyck
is well documented, and more than 18 works securely at-
tributed to him survive. For Hubert van Eyck, on the
other hand, there are only a few ambiguous documents
and no authenticated painting, and, were it not for his
association with Jan, he certainly would have remained
an obscure archive note.

Jan van Eyck must have been born before 1395, for in
October 1422 he is recorded as the varlet de chambre et
peintre (“honorary equerry and painter”) of John of Ba-
varia, count of Holland. He continued to work in the
palace of The Hague until the Count’s death in 1425 and
then settled briefly in Bruges before he was summoned,
that summer, to Lille to serve Philip the Good, duke of
Burgundy, the most powerful ruler and foremost patron
of the arts in Flanders. Jan remained in the Duke’s em-
ploy until his death, performing for him the duties of not
only court painter but also diplomatic envoy. On behalf
of his sponsor he undertook a number of secret missions
during the next decade, of which the most notable were
two journeys to the Iberian peninsula, the first in 1427 to
try to contract a marriage for Philip with Isabella of
Spain-and a more successful trip between 1428 and 1429
to seek the hand of Isabella of Portugal. As a confidant
of Philip the Good, Jan may have participated directly in
these marriage negotiations, but he also was charged to
present the Duke with a portrait of the intended. In 1431
Jan purchased a house in Bruges and about the same
time he married a lady named Margaret, about whom lit-
tle more is known than that she was born in 1406 and
was to bear him at least two children. Jan’s frank portrait
of his wife is the most complete document of her life
that remains. Residing now in Bruges, Jan continued to
paint, and in 1436 he again made a secret voyage for
Philip. He died shortly before July 9, 1441, and was
buried in the church of Saint-Donatian, in Bruges.

Securely attributed paintings survive only from the last
decade of Jan’s career; therefore, his artistic origins and
early development must be deduced from his mature
work. Traditionally, Jan has been acclaimed the founder
of Flemish painting, and scholars have sought his artistic
roots in the last great phase of medieval manuscript il-
lumination. It is clear that the naturalism and elegant
compositions of Jan’s later painting owe much to such
early 15th-century illuminators as the anonymous Bouci-
caut Master and Pol, Herman, and Jehanequin de Lim-
burg (the “Limburg Brothers”), who worked for the Bur-
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gundian dukes, including the grandfather of Philip the
Good and his illustrious granduncle, Jean, duc de Berry.
A document of 1439 reports that Jan van Eyck paid an
illuminator for preparing a book for the Duke; but cen-
tral to the discussion of his ties to manuscript illustration
has been the attribution to Jan of several miniatures,
identified as Hand G, in a problematic prayer book
known as the Turin-Milan Hours (Museo Civico, Turin).
So long as these “Eyckian” miniatures were dated in the
1420s or even earlier, their authorship by Jan seemed in-
dubitable; but recent investigations and manuscript dis-
coveries strongly indicate that these miniatures were
painted at least 20 years later and, hence, that they are
by an imitator of the great master. With the elimination
of the Turin-Milan Hours from Jan van Eyck’s early
oeuvre, his connections with International Gothic style
illumination appear to have been less direct.

Certainly as important for Jan’s artistic formation were
the panel paintings of Robert Campin (c. 1378-1444), a
Tournai painter whose important role in the history
of Flemish art has only recently been re-established. Jan
must have met Campin at least once—when he was feted
by the Tournai painter’s guild in 1427; and from Cam-
pin’s art he seems to have learned the bold realism, the
method of disguised symbolism, and perhaps the lumi-
nous oil technique that became so characteristic of his
own style. In contrast to Campin, who was a Tournai
burgher, Jan was a learned master at work in a busy
court, and he signed his paintings, the first Flemish artist
to do so. The majority of Jan’s panels present the proud
inscription: IOHANNES DE EYCK, and several bear
his aristocratic motto, “Als ich chan” (“As best I can”). It
is small wonder, therefore, that Campin’s reputation
faded and his influence on Jan was forgotten; nor is it
surprising that many of Campin’s artistic achievements
were credited to the younger master whose fame re-
mained undiminished.

Despite the fact that nine paintings by Jan van Eyck are
signed and ten are dated, the establishment of his oeuvre
and the reconstruction of its chronology present prob-
lems. The major difficulty is that Jan’s masterpiece, the
“Adoration of the Lamb” altarpiece in the Cathedral of
Saint-Bavon in Ghent, has a wholly questionable in-
scription that introduces Hubert van Eyck as its principal

‘master. This has caused art historians to turn to less am-

bitious but more secure works to plot Jan’s development,
including, most notably: the “Portrait of a Young Man”
(“Leal Souvenir”) of 1432, “The Marriage of Giovanni
Arnolfini and Giovanna Cenami (?)” of 1434, the “Ma-
donna With Canon van der Paele” of 1434-36, the trip-
tych “Madonna and Child with Saints” of 1437, and the
panels of “St. Barbara” and the “Madonna at the Foun-
tain,” dated, respectively, 1437 and 1439. Although they
fall within a brief span of seven years, these paintings
present a consistent development in which Jan moved
from the heavy, sculptural realism associated with Robert
Campin to a more delicate, rather precious pictorial
style.

On stylistic grounds there seems little difficulty in plac-
ing the “Ghent Altarpiece” at the head of this develop-
ment as indicated by the date 1432 in the inscription, but
the question of Hubert’s participation in this great work
has yet to be resolved. The inscription itself is definite
about this point: “The painter Hubert van Eyck, greater
than whom no one was found, began [this work]; and
Jan, his brother, second in art [carried] through the task
.. .” On the basis of this claim, art historians have at-
tempted to distinguish Hubert’s contribution to the
“Ghent Altarpiece” and have even assigned to him cer-
tain of the more archaic “Eyckian” paintings, including
“The Annunciation” (Metropolitan Museum of Art, New
York) and “The Three Marys at the Tomb” (Museum
Boymans-van Beuningen, Rotterdam). A problem arises,
however, because the inscription itself is a 16th-century
transcription and earlier references make no mention of
Hubert’s part in the “Ghent Altarpiece.” The great 16th-
century German artist Albrecht Diirer, for instance,
praised only Jan van Eyck during his visit to Ghent in
1521; and as late as 1562 the Flemish historian Marcus

van Vaernewyck referred to Jan alone as the author of
the altarpiece. Furthermore, a recent philological study
casts serious doubt on the dependability of the inscrip-
tion, which scans more smoothly when the phrase nam-
ing Hubert is dropped. Thus, Hubert’s participation in
the Ghent polyptych is highly suspect, and any knowledge
of his art must await new discoveries.

On the other hand, there is little doubt that Hubert did
exist, the dubious reference to him on the “Ghent Altar-
piece” aside. A “meester Hubrechte de scildere” (Master
Hubert, the painter) is mentioned three times in the City
Archives of Ghent; and a transcription of his epitaph re-
ports that he died on September 18, 1426. Whether this
Hubert van Eyck was related to Jan and why in the 16th
century he was credited with the major share of the
“Ghent Altarpiece” are questions that remain unan-
swered. :

The confusion concerning his relationship to Hubert,
the doubt about his activities as an illuminator, and the
re-emergence of Robert Campin as a pre-eminent master
do not diminish the achievement and significance of Jan
van Eyck. He may not have invented painting with oils
as early writers asserted; but he perfected the technique
to mirror the textures, light, and spatial effects of nature.
The realism of his paintings—admired as early as 1449
by the Italian humanist Cyriacus D’Ancona, who ob-
served that the works seemed to have been produced “not
by the artifice of human hands but by all-bearing nature
herself”—has never been surpassed. For Jan, as for Cam-
pin, naturalism was not merely a technical tour de force,
however. For him, nature embodied God, and so he
filled his paintings with religious symbols disguised as
everyday objects. Even the light that so naturally illumi-
nates Jan van Eyck’s landscapes and interiors is a meta-
phor of the Divine.

Because of the refinement of his technique and the ab-
struseness of his symbolic programs, the successors of
Jan van Eyck borrowed only selectively from his art.
Campin’s foremost student, Rogier van der Weyden,
tempered his master’s homey realism with Eyckian grace
and delicacy; in fact, at the end of his career, Campin
himself succumbed somewhat to Jan’s courtly style. Even
Petrus Christus, who may have been apprenticed in Jan’s
atelier and who finished the “Virgin and Child, with
Saints and Donor” (Frick Collection, New York) after
Jan’s death, quickly abandoned the intricacies of Jan’s
style under the influence of Rogier. During the last third
of the century, the Netherlandish painters Hugo van der
Goes and Justus van Gent revived the Eyckian heritage;
but, when such early 16th-century Flemish masters as
Quentin Massys and Jan Mabuse turned to Jan’s work,
they produced pious copies that had little impact on their
original creations. In Germany and France the influence
of Jan van Eyck was overshadowed by the more acces-
sible styles of Campin and Rogier, and only in the Iberian
peninsula—which Jan had visited twice—did his art
dominate. In Italy his greatness was recognized by Cy-
riacus and by the humanist Bartolomeo Facio, who lists
Jan, together with Rogier and the Italian artists Pisanello
and Gentile da Fabriano, as one of the leading painters
of the period. But Renaissance artists, as painters else-
where, found him easier to admire than to imitate.

Interest in his painting and acknowledgment of his pro-
digious technical accomplishment have remained high.
Jan’s works have been copied frequently and have been
avidly collected. He is referred to in the Treaty of Ver-
sailles, which specifies the return of the “Ghent Altar-
piece” to Belgium before peace with Germany could be
concluded after the end of World War I
MAJOR WORKS

RELIGIOUS PAINTINGS: “The Adoration of the Lamb”
(“Ghent Altarpiece,” 1432; Cathedral of Saint-Bavon,
Ghent); “The Annunciation” (c. 1434; National Gallery of
Art, Washington, D.C.); “Madonna with Canon van der
Paele” (1434-36; Groeninge Museum, Brugge); “The Lucca
Madonna” (c. 1435-36; Stidelsches Kunstinstitut, Frank-
furt); “Madonna with Chancellor Rolin” (c. 1436; Louvre,
Paris); “St. Barbara” (1437; Musée Royal des Beaux-Arts,
Antwerp); “Triptych” (1437; Gemdldegalerie, Dresden);
“Annunciation” (undated; Thyssen-Bornemisza Collection,
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Castagnola, Switz.); “Madonna at the Fountain” (1439;
Musée Royal des Beaux-Arts, Antwerp).

PORTRAITS: “Portrait of a Young Man” (“Leal Souvenir,”
1432; National Gallery, London); “A Man in a Turban™
(c. 1433; National Gallery, London); “The Marriage of
Giovanni Arnolfini and Giovanna Cenami (?)” (1434; Na-
tional Gallery, London); “Cardinal Albergati” (c. 1435;
Kunsthistorisches Museum, Vienna); “The Goldsmith Jan
de Leeuwe” (1436; Kunsthistorisches Museum, Vienna);
“Portrait of Baulduyn de Lannoy” (c. 1436-37; Staatliche
Museen Preussischer Kulturbesitz, Berlin); “Margaret van
Eyck” (1439; Groeninge Museum, Brugge).
BIBLIOGRAPHY. Two monographs, the early study by
W.H.J. WEALE, Hubert and John van Eyck: Their Life and
Work (1908), indispensable for its documentary material;
and the more recent volume by LUDWIG BALDASS, Jan van Eyck
(1952), present basic surveys of the careers and art of the
van Eyck brothers. A catalogue raisonné, which includes all
attributed works and copies, is available in vol. 1 of M.J.
FRIEDLANDER, Early Netherlandish Painting (1967), a transla-
tion from the German, updated in notes. The fundamental
study of the entire period, ERWIN PANOFSKY, Early Nether-
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in great detail. Although Panofsky’s attributions and chronol-
ogy must be modified, his iconographic .interpretations re-
main essential to an understanding of Eyckian painting. The
technical examination of the Ghent Altarpiece inscription by
A. AMPE, “De metamorfozen van het authentieke Jan-Van-
Eyck-kwatrijn op het Lam Gods,” Jaarboek van het Museum
voor Schone Kunsten-Antwerpen (1969), with English sum-
mary, introduces serious questions about the role of Hubert

van Eyck.
(H.LKe.)

Eye and Vision, Human

The eye is the organ through which man acquires knowl-
edge of his environment by virtue of the light reflected
from, or emitted by, the objects within the environment;
it is the photoreceptor organ that, together with other
types of receptors, allows the organism to react to, and to
understand, the world around it. For man, the informa-
tion provided by the eyes undoubtedly plays the domi-
nant role in the interpretation of his environment; and
one might, at first thought, expect to find man’s visual
apparatus more highly developed than that of lower ani-
mals. Thus, the dog seems to have poor vision compared
with man, relying on his sense of smell to recognize ob-
jects rather than on his eyes. Examination of the respec-
tive eyes, however, fails to reveal differences of such
magnitude as to suggest any fundamental inferiority on
the part of the dog. Such an expectation of inferiority
would, moreover, reveal a rather naive approach to the
study of vision, which does not merely consist in “seeing”
but also in understanding; the dog’s eye may well focus
as accurate an image on its light-sensitive retina as does
the human eye, but the power to integrate this image—
to recognize its contours, its colours, and its relation to
other objects, its probable feeling in response to touch,
its motion, and so on—depends on the way the light-sen-
sitive receptive cells are connected to the central nervous
system; of this system the eye, as a whole, forms an inte-
gral part, being, in fact, an outgrowth of the forebrain.
Similarly, the power to use visual information to govern
bodily movements, so important to man in the execution
of skilled tasks, and of vital importance to, for example,
the swallow catching midges in flight, depends in great
measure on the linking of the visual information with the
motor centres of the brain. Thus the scope of this article,
if it is to cover the true extent of the function of the hu-
man eye, must be wide; it must cover not only the man-
ner in which the light from an external object is focussed
as an image on the body’s “photographic plate,” the ret-
ina, but also the manner in which this light is converted
into a message, and how this message is interpreted.

In general, sensory organs develop around a layer of
nerve cells (neuroepithelium) that acquires a special sen-
sitivity to one form of physical stimulus; with the eye, the
light-sensitive layer must be accessible to light, and this
means either having the layer on the surface of the body,
as in lower forms of life, or having it deeper in the body
and allowing light to reach it through a transparent
cornea. The human eye, and that of all vertebrates, is
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built on this plan. The light-sensitive layer is in the retma,
lining the rear wall of the globe, or eyeball.
This article is divided into the following sections:
Anatomy of the visual apparatus
Structures auxiliary to the eye
The orbit
The eyelids
The glandular apparatus
Extraocular muscles
The eye
General description
Outer and middle tunics of the globe
The inner tunic of the globe
The transparent media
The visual process
The work of the auxiliary structures
The protective mechanisms
Movements of the eyes
The work of the optical lens system
Refraction by cornea and lens
Normal sightedness and near- and farsightedness
Accommodation
The pupil
The near response
The work of the retina
Some basic facts of vision
Synaptic organization of the retina
Absolute threshold and minimum stimulus for vision
Inhibition
Flicker
Visual acuity
Electrophysiology of the retina
Colour vision
The photochemical process
The higher visual centres
The visual pathway
Integration of the retinal halves
Some perceptual aspects of vision
Projection of the retina
Visual estimates
The perception of depth
Retinal rivalry
Electrophysiology of the visual centres
Ganglion cells
Geniculate neurons
Cortical neurons
Stereoscopic vision

Anatomy of the visual apparatus
STRUCTURES AUXILIARY TO THE EYE

The orbit. The eye is protected from mechanical in-
jury by being enclosed in a socket, or orbit, which is
made up of portions of several of the bones of the skull
to form a four-sided pyramid the apex of which points
back into the head. Thus, the floor of the orbit is made
up of parts of the maxilla, zygomatic, and palatine
bones, while the roof is made up of the orbital plate of
the frontal bone and, behind this, by the lesser wing of
the sphenoid. The optic foramen, the opening through
which the optic nerve runs back into the brain and the
large ophthalmic artery enters the orbit, is at the nasal
side of the apex; the superior orbital fissure is a larger
hole through which pass large veins and nerves. These
nerves may carry nonvisual sensory messages—e.g., pain
—or they may be motor nerves controlling the muscles
of the eye. There are other fissures and canals transmit-
ting nerves and blood vessels. The eyeball and its func-
tional muscles are surrounded by a layer of orbital fat
that acts much like a cushion, permitting a smooth rota-
tion of the eyeball about a virtually fixed point, the centre
of rotation. The protrusion of the eyeballs—proptosis—
in exophthalmic goitre is caused by the collection of fluid
in the orbital fatty tissue.

The eyelids. It is vitally important that the front sur-
face of the eyeball, the cornea, remain moist. This is
achieved by the eyelids, which during waking hours
sweep the secretions of the lacrimal apparatus and other
glands over the surface at regular intervals and which
during sleep cover the eyes and prevent evaporation. The
lids have the additional function of preventing injuries
from foreign bodies, through the operation of the blink
reflex. The lids are essentially folds of flesh covering the
front of the orbit and, when the eye is open, leaving an
almond-shaped aperture. The points of the almond are
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The layers
in the lids

called canthi; that nearest the nose is the inner canthus,
and the other is the outer canthus (Figure 1). The lid may
be divided into four layers: (1) the skin, containing glands
that open onto the surface of the lid margin, and the eye-
lashes; (2) a muscular layer containing principally the
orbicularis oculi muscle, responsible for lid closure; (3) a
fibrous layer that gives the lid its mechanical stability, its
principal portions being the tarsal plates, one in each lid,
which border directly upon the opening between the lids,
called the palpebral aperture; and (4) the innermost layer
of the lid, a portion of the conjunctiva. The conjunctiva
is a mucous membrane that serves to attach the eyeball
to the orbit and lids but permits a considerable degree of
rotation of ihe eyeball in the orbit.

The conjunctiva. The conjunctiva lines the lids and
then bends back over the surface of the eyeball, constitut-
ing an outer covering to the forward part of this and ter-
minating at the transparent region of the eye, the cornea.
The portion that lines the lids is called the palpebral por-
tion of the conjunctiva; the portion covering the white of
the eyeball is called the bulbar conjunctiva.. Between the
bulbar and the palpebral conjunctiva there are two loose,
redundant portions forming recesses that project back
toward the equator of the globe. These recesses are called
the upper and lower fornices, or conjunctival sacs; it is
the looseness of the conjunctiva at these points that
makes movements of lids and eyeball possible. (The oph-
thalmologist finds the lower conjunctival sac a useful
cavity in which to place drops containing drugs by merely
pulling the outer lid away from the globe. The drops are
retained in the cavity long enough to act directly on the
cornea and to diffuse through this into the internal struc-
tures of the eye.)

The fibrous layer. The fibrous layer, which gives the
lid its mechanical stability, is made up of the thick, and
relatively rigid, tarsal plates, bordering directly on the
palpebral aperture, and the much thinner palpebral fas-
cia, or sheet of connective tissue; the two together are
called the septum orbitale. When the lids are closed, the
whole opening of the orbit is covered by this septum.
Two ligaments, the medial and lateral palpebral liga-
ments, attached to the orbit and to the septum orbitale,
stabilize the position of the lids in relation to the globe.
The medial ligament, by far the stronger, is well illus-
trated in Figure 1.

The muscles. Closure of the lids is achieved by con-
traction of the orbicularis muscle, a single oval sheet of
muscle extending from the regions of the forehead and
face and surrounding the orbit into the lids. It is divided
into orbital and palpebral portions, and it is essentially
the palpebral portion, within the lid, that causes lid
closure. The palpebral portion passes across the lids from
a ligament called the medial palpebral ligament and from
the neighbouring bone of the orbit in a series of half
ellipses that meet outside the outer corner of the eye, the
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Figure 1: Frontal view of the eye and its related
structures (see text).

lateral canthus, to form a band of fibres called the lateral
palpebral raphe. Additional parts of the orbicularis have
been given separate names—namely, Horner’s muscle
and the muscle of Riolan; they come into close relation
with the lacrimal apparatus and assist in drainage of the
tears. The muscle of Riolan, lying close to the lid mar-
gins, doubtless contributes to keeping the lids in close
apposition, an important feature for maintaining the junc-
tion watertight. The orbital portion of the orbicularis is
not normally concerned with blinking, which may be
carried out entirely by the palpebral portion; however, it
is concerned with closing the eyes tightly. The skin of
the forehead, temple, and cheek is then drawn toward
the medial (nose) side of the orbit, and the radiating fur-
rows, formed by this action of the orbital portion, even-
tually lead to the so-called crow’s feet of elderly persons.
It must be appreciated that the two portions can be ac-
tivated independently; thus, the orbital portion may con-
tract, causing a furrowing of the brows that reduces the
amount of light entering from above, while the palpebral
portion remains relaxed and allows the eyes to remain
open.

Opening of the eye is not just the result of passive re-
laxation of the orbicularis muscle but also is the effect of
the contraction of the levator palpebrae superioris mus-
cle of the upper lid. This muscle takes origin with the
extraocular muscles at the apex of the orbit (the back of
the eye socket) as a narrow tendon and runs forward into
the upper lid as a broad tendon, the levator aponeurosis,
which is attached to the forward surface of the tarsus and
the skin covering the upper lid. Contraction of the mus-
cle causes elevation of the upper eyelid. The nervous
connections of this muscle are closely related to those of
the extraocular muscle required to elevate the eye, so
that when the eye looks upward the upper eyelid tends to
move up in unison.

The orbicularis and levator are striped muscles under
voluntary control. The lids contain, in addition, unstriped
(involuntary) muscle fibres that are activated by the sym-
pathetic division of the autonomic system and tend to
widen the palpebral fissure (the eye opening) by elevation
of the upper, and depression of the lower, lid.

In addition to.the muscles already described, other fa-
cial muscles often cooperate in the act of lid closure or
opening. Thus, the corrugator supercilii muscles pull the
eyebrows toward the bridge of the nose, making a pro-
jecting “roof” over the medial angle of the eye and pro-
ducing characteristic furrows in the forehead; the roof is
used primarily to protect the eye from the glare of the
sun.. The pyramidalis, or procerus, muscles occupy the
bridge of the nose; they arise from the lower portion of
the nasal bones and are attached to the skin of the lower
part of the forehead on either side of the midline; they
pull the skin into transverse furrows. In lid opening, the
frontalis muscle, arising high on the forehead, midway
between the coronal suture, a seam across the top of the
skull, and the orbital margin, is attached to the skin of
the eyebrows. Contraction therefore causes the eyebrows
to rise and opposes the action of the orbital portion of the
orbicularis; the muscle is especially used when one gazes
upward. It is also brought into action when vision. is

rendered difficult either by distance or the absence of

sufficient light.

The skin. The outermost layer of the lid is the skin,
with features not greatly different from skin on the rest
of the body, with the possible exception of large pigment
cells, which, although found elsewhere, are much more
numerous in the skin of the lids. The cells may wander,
and it is these movements of the pigment cells that deter-
mine the changes in coloration seen in some people with
alterations in health. The skin has sweat glands and hairs.
As the junction between skin and conjunctiva is ap-
proached, the hairs change their character to become eye-
lashes (Figure 2).

The glandular apparatus. The eye is kept moist by
secretions of the lacrimal glands (tear glands). These al-
mond-shaped glands under the upper lids extend inward
from the outer corner of each eye. Each gland has two
portions. One portion is in a shallow depression in the
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Figure 2: Vertical section through upper lid (see text).
By permission from Eugene Wolff, Anatomy of the Eye and Orbit, London:
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part of the eye socket formed by the frontal bone. The
other portion projects into the back part of the upper lid.
The ducts from each gland, three to 12 in number, open
into the superior conjunctival fornix, or sac. From the
fornix, the tears flow down across the eye and into the
puncta lacrimalia, small openings at the margin of each
eyelid near its inner corner. The puncta are openings into
the lacrimal ducts; these carry the tears into the lacrimal
sacs, the dilated upper ends of the nasolacrimal ducts,
which carry the tears into the nose.

The evaporation of the tears as they flow across the eye
is largely prevented by the secretion of oily and mucous
material by other glands. Thus, the meibomian, or tarsal
glands, consist of a row of elongated glands extending
through the tarsal plates; they secrete an oil that emerges
onto the surface of the lid margin and acts as a barrier
for the tear fluid, which accumulates in the grooves be-
tween the eyeball and the lid barriers.

Extraocular muscles. Six muscles outside the eye gov-
ern its movements. These muscles are the four rectus
muscles—the inferior, medial, lateral, and superior recti
—and the superior and inferior oblique muscles. The
rectus muscles arise from a fibrous ring that encircles the
optic nerve at the optic foramen, the opening through
which the nerve passes, and are attached to the sclera,
the opaque portion of the eyeball, in front of the equator,
or widest part, of the eye. The superior oblique muscle
arises near the rim of the optic foramen and somewhat
nearer the nose than the origin of the rectus medialis. It
ends in a rounded tendon that passes through a fibrous
ring, the trochlea, that is attached to the frontal bone.
The trochlea acts as a pulley. The tendon is attached to
the sclera back of the equator of the eye (Figure 3).

The inferior oblique muscle originates from the floor of
the orbit, passes under the eyeball like a sling, and is at-
tached to the sclera between the attachments of the su-

trochlea
superior oblique
superior rectus

levator

lateral rectus

inferior rectus

inferior oblique

Figure 3: The extraocular muscles.
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perior and lateral rectus muscles. The rectus muscles di-
rect the gaze upward and downward and from side to
side. The inferior oblique muscle tends to direct the eye
upward, and the superior oblique to depress the eye; be-
cause of the obliqueness of the pull, each causes the eye
to roll, and in an opposite direction.

The oblique muscles are strictly antagonistic to each
other, but they work with the vertical rectus muscles in
so far as the superior rectus and inferior oblique both
tend to elevate the gaze and the inferior rectus and su-
perior oblique both tend to depress the gaze. The su-
perior and inferior recti do not produce a pure action of
elevation or depression because their plane of action is
not exactly vertical; in consequence, as with the obliques,
they cause some degree of rolling, but by no means so
great as that caused by the obliques; the direction of roll-
ing caused by the rectus muscle is opposite to that of its
synergistic oblique; the superior rectus causes the eye to
roll inward, and the inferior oblique outward.

THE EYE

General description. The eyeball is not a simple sphere
but can be viewed as the result of fusing a small portion
of a small, strongly curved sphere with a large portion of
a large, not so strongly curved sphere (Figure 4). The
small piece, occupying about one-sixth of the whole, has
a radius of eight millimetres (0.3 inch); it is transparent
and is called the cornea; the remainder, the scleral seg-
ment, is opaque and has a radius of 12 millimetres (0.5
inch). The ring where the two areas join is called the
limbus. Thus, on looking directly into the eye from in
front one sees the white sclera surrounding the cornea;
because the latter is transparent one sees, instead of the
cornea, a ring of tissue lying within the eye, the iris. The
iris is the structure that determines the colour of the eye.
The centre of this ring is called the pupil. It appears dark
because the light passing into the eye is not reflected back
to any great extent. By use of an ophthalmoscope, an in-
strument that permits the observer to illuminate the in-
terior of the eyeball while observing through the pupil,
the appearance of the interior lining of the globe can be
made out; this is called the fundus; it is characterized by
the large blood vessels that supply blood to the retina;
these are especially distinct as they cross over the pallid
optic disk, or papilla, the region where the optic nerve
fibres leave the globe.

The dimensions of the eye are reasonably constant,
varying among individuals by only a millimetre or two;
the sagittal (vertical) diameter is about 24 millimetres
(about one inch) and is usually less than the transverse
diameter. At birth the sagittal diameter is about 16 to 17
millimetres (about 0.65 inch); it increases rapidly to
about 22.5 to 23 millimetres (about 0.89 inch) by the age
of three years; between three and 13 the globe attains its
full size. The weight is about 7.5 grams (.25 ounce), and
its volume 6.5 millilitres (0.4 cubic inch).

The eye is made up of three coats, which enclose the
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Figure 4: Horizontal section of the eye.
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The layers
of the
cornea

optically clear aqueous humour, lens, and vitreous body
(Figure 4). The outermost coat consists of the cornea and
the sclera; the middle coat contains the main blood sup-
ply to the eye and consists, from the back forward, of the
choroid, the ciliary body, and the iris. The innermost
layer is the retina, lying on the choroid and receiving
most of its nourishment from the vessels within the
choroid, the remainder of its nourishment being derived
from the retinal vessels that lie on its surface and are
visible in the ophthalmoscope. The ciliary body and iris
have a very thin covering, the ciliary epithelium and
posterior epithelium of the iris, which is continuous with
the retina.

Within the cavities formed by this triple-layered coat
there are the crystalline lens, suspended by fine trans-
parent fibres—the suspensory ligament or zonule of Zinn
—from the ciliary body; the aqueous humour, a clear
fluid filling the spaces between the cornea and the lens
and iris; and the vitreous body, a clear jelly filling the
much larger cavity enclosed by the sclera, the ciliary
body, and the lens. The anterior chamber of the eye is
defined as the space between the cornea and the forward
surfaces of the iris and lens, while the posterior chamber
is the much smaller space between the rear surface of the
iris and the ciliary body, zonule, and lens; the two cham-
bers both contain aqueous humour and are in connection
through the pupil.

Outer and middle tunics of the globe. The outermost
coat. The outermost coat is made up of the cornea and
the sclera. The cornea is the transparent window of the
eye. It contains five distinguishable layers; the epithelium,
or outer covering; Bowman’s membrane; the stroma, or
supporting structure; Descemet’s membrane; and the en-
dothelium, or inner lining. Up to 90 percent of the thick-
ness of the cornea is made up of the stroma. The epithe-
lium, which is a continuation of the epithelium of the
conjunctiva, is itself made up of about six layers of cells.
The superficial layer is continuously being shed, and the
layers are renewed by multiplication of the cells in the
innermost, or basal, layer.

The stroma appears as a set of lamellae, or plates, run-
ning parallel with the surface and superimposed on each
other like the leaves of a book; between the lamellae lie
the corneal corpuscles, cells that synthesize new collagen
(connective tissue protein) essential for the repair and
maintenance of this layer. The lamellae are made up of
microscopically visible fibres that run parallel to form
sheets; in successive lamellae the fibres make a large an-
gle with each other. The lamellae in man are about 1.5
to 2.5 microns (one micron = 0.001 millimetre) thick, so
that there are about 200 lamellae in the human cornea.
The fibrous basis of the stroma is collagen.

Immediately above the stroma, adjacent to the epithe-
lium, is Bowman’s membrane, about eight to 14 microns
thick; in the electron microscope it is evident that it is
really stroma, but with the collagen fibrils not arranged
in the orderly fashion seen in the rest of the stroma.

Beneath the stroma are Descemet’s membrane and the
endothelium. The former is about five to ten microns
thick and is made up of a different type of collagen from
that in the stroma; it is secreted by the cells of the endo-
thelium, which is a single layer of flattened cells. There
is apparently no continuous renewal of these cells as with
the epithelium, so that damage to this layer is a more
serious matter. . .

The sclera is essentially the continuation backward of
the cornea, the collagen fibres of the cornea being, in ef-
fect, continuous with those of the sclera. The sclera is
pierced by numerous nerves and blood vessels; the
largest of these holes is that formed by the optic nerve,
the posterior scleral foramen. The outer two-thirds of the
sclera in this region continue backward along the nerve
to blend with its covering, or dural sheath—in fact, the
sclera may be regarded as a continuation of the dura
mater, the outer covering of the brain. The inner third of
the sclera, combined with some choroidal tissue, stretches
across the opening, and the sheet thus formed is per-
forated to permit the passage of fasciculi (bundles of fi-
bres) of the optic nerve. This region is called the lamina

cribrosa (Figure 4). The blood vessels of the sclera are
largely confined to a superficial layer of tissue, and these,
along with the conjunctival vessels, are responsible for
the bright redness of the inflamed eye. As with the cor-
nea, the innermost layer is a single layer of endothelial
cells; above this is the lamina fusca, characterized by
large numbers of pigment cells.

The most obvious difference between the opaque sclera
and the transparent cornea is the irregularity in the sizes
and arrangement of the collagen fibrils in the sclera by
contrast with the almost uniform thickness and strictly
parallel array in the cornea; in addition, the cornea has a
much higher percentage of mucopolysaccharide (a carbo-
hydraie thai has among its repeating units a nitrogenous
sugar, hexosamine) as embedding material for the col-
lagen fibrils. It has been shown that the regular arrange-
ment of the fibrils is, in fact, the essential factor leading
to the transparency of the cornea.

When the cornea is damaged—e.g., by a virus infection
—the collagen laid down in the repair processes is not
regularly arranged, with the result that an opaque patch
called a leukoma, may occur.

When an eye is removed, or a man dies, the cornea
soon loses its transparency, becoming hazy; this is due to
the taking in of fluid from the aqueous humour, the cor-
nea becoming thicker as it becomes hazier. The cornea
can be made to reassume its transparency by maintaining
it in a warm, well-aerated chamber, at about 31° C or
88° F (its normal temperature); associated with this re-
turn of transparency is a loss of fluid.

Modern studies have shown that, under normal condi-
tions, the cornea tends to take in fluid, mainly from the
aqueous humour and from the small blood vessels at the
limbus, but this is counteracted by a pump that expels
the fluid as fast as it enters. This pumping action depends
on an adequate supply of energy, and any situation that
prejudices this supply causes the cornea to swell—the
pump fails, or works so slowly that it cannot keep pace
with the leak. Death is one cause of the failure of the
pump, but this is primarily because of the loss of tem-
perature; place the dead eye in a warm chamber and the
reserves of metabolic energy it contains in the form of
sugar and glycogen are adequate to keep the cornea
transparent for 24 hours or more. When it is required to
store corneas for grafting, as in an eye bank, it is best to
remove the cornea from the globe to prevent it from
absorbing fluid from the aqueous humour. The structure
responsible for the pumping action is almost certainly
the endothelium, so that damage to this lining can lead
to a loss of transparency with swelling.

The cornea is exquisitely sensitive to pain. This is me-
diated by sensory nerve fibres, called ciliary nerves, that
run just underneath the endothelium; they belong to the
ophthalmic branch of the fifth cranial nerve, the large
sensory nerve of the head. The ciliary nerves leave the
globe through holes in the sclera, not in company with
the optic nerve, which is concerned exclusively with re-
sponses of the retina to light.

The uvea. The middle coat of the eye is called the
uvea (from the Latin for “grape”) because the eye looks
like a reddish-blue grape when the outer coat has been
dissected away. The posterior part of the uvea, the cho-
roid, is essentially a layer of blood vessels and connective
tissue sandwiched between the sclera and the retina. The
forward portion of the uvea, the ciliary body and iris, is
more complex, containing as it does the ciliary muscle
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